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ANTHROPOLOGY 


1891, while excavating at Trinil in 

Java, a Dutch doctor and anthro- 
pologist named Eugene Dubois dis- 
covered part of a skull and a tooth. 
This was the start of the study of 
fossil Man. One of the most remark- 
able things about the discovery was 
that Dubois had predicted that fossil 
men would be found in that region of 
the world. The skull fragment had 
large brow ridges and Dubois believed 
that it belonged to an ape. However, 
the following year, in almost exactly 
the same place, he discovered a thigh 


Y, 


material — mainly 


bone. This bone was_ essentially 
modern in form and its owner ob- 
viously walked erect as present-day 
Man does. Dubois was convinced that 
the skull and the thigh bone came 
from the same individual and he 
named his new find Pithecanthropus 
erectus, meaning ‘upright ape-man’, 
for he believed it was a sort of halfway 
stage between apes and modern Man. 
From these scanty remains he de- 
scribed the creature as ‘. . . a Man-like 
species of Transitional Anthropoid ...’ 

Dubois met with much opposition 
when he announced his discovery. 
Some anthropologists refused to be- 
ieve that the skull and the thigh bone 


“Acame from the same type of animal. 


They could not accept that an animal 
with an ape-like skull could have such 
modern limb bones. The discovery of 
the African Australopithecine or 
‘Southern Ape’ fossils in 1924, how- 
ever, showed that long before Pzthe- 
canthropus or ‘Java Man’ came on tne 
scene, creatures were walking erect 
although their brains were no larger 


“ than those of apes. Further finds in 


Java have now confirmed that a 
primitive man existed in that region 
about half a million years ago. They 
also show that Dubois’ description of 
Pithecanthropus was basically correct. 
Java Man 

The later finds_of Pzthecanthropus 
i8eovered by Pro- 


associ- 


ates — are not all from the same rock 
layers and represent more than one 
species. They are, however, sufficiently 
similar to be placed in the single 
genus Pithecanthropus. From these re- 
mains a fairly clear picture has been 
built up of what these early men 
looked like. 

Java Man was fairly short — about 
five feet in height — and walked up- 
right as we do today. This information 
is gained from the size and structure 
of the limb bones. He had large 
eye-brow ridges and no real forehead — 
the top of the skull! sloped back from 
the eyebrows. Reconstructions of the 
brain-case indicate that the average 
volume of the adult brain was probably 
about goo cc. This is considerably 
larger than the brain of an ape but 
much smaller than that of modern 
Man (averaging 1350 cc.). The size 
of the brain suggests that Java Man 
was not very intelligent although he 
appears to have made crude stone 
tools. There is no evidence that Java 
Man used fire. 

He was a hunter and lived largely 
on various antelopes and other animals 
whose bones are common in the same 
rock deposits. He probably moved 
about in small bands in search of 
food. The presence of tiny ridges 
inside the lower jaw is believed by 
some people to indicate that the tongue 
was anchored as in modern Man and 
could “therefore move freely. This, 
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NA reconstruction of Java Man in his-s 
natural surroundings. , 


A RECONSTRUCTION 
OF PITHECANTHROPUS 

BY DR. F. WEIDENREICH 
Pithecanthropus 
skull (above) com- 
pared with modern [® 
Man. The heavy 
brow ridges, lack © 
of forehead and 
projecting jaws are 
important features. 


together with the form of the brain, 
suggests that Java Man had at least a 
primitive sort of language. The evi- 
dence, however, is not sufficient to be 
certain about this. 

At about the time of Java Man 
there must have been a giant man in 
that area. It is known only from a jaw 
fragment and a few very large teeth. 
Apart from their size, these remains 
resemble those of Pithecanthropus. This 
giant has been called Meganthropus 
(= great man) but no further remains 
have been found and his size is 
unknown. 

Pekin Man 

While supervising excavations near 
Pekin in 1927, Professor Davidson 
Black discovered a single human tooth. 
He realised that it belonged to a type 
of fossil Man which he called Stnan- 
thropus (= China Man). Before long, 
other remains came to light — mainly 
skulls and teeth, but with a few limb 
bones. These show that Pekin Man 
(Sinanthropus) walked erect and was 
very similar to Java Man. There is 
much variation in brain size but the 
average volume is just over a thousand 
cubic centimetres — a little larger than 
that of Java Man. Pekin Man made 
stone tools and used fire. Chipped 
stones together with ash and charred 
bones have been found in their caves. 

Pekin Man lived somewhat later 


1882 


than Java Man — about three hundred 
thousand years ago but the general 
similarity of the two has led to their 
both being included in the genus 
Pithecanthropus. Pekin Man is now 
known officially as Ptthecanthropus 
pekinensis. 

The Relationships of 
Pithecanthropus 

Although Pithecanthropus shows a 
number of connections with the apes 
there is no doubt that he was a true 
Man. Apart from a recent report of a 
tool-making Man living in Tangan- 
yika nearly two million years ago, 
Java Man is the earliest undisputed 
fossil Man. What is known of his 
descent and his later evolution? 

The ‘Southern Ape’ or Australo- 
pithecine fossils of Africa, including 
Australopithecus and Xinjanthropus, are 
believed to be about a million years 
old. Their brains were little larger 
than those of apes but their limbs and 
posture were very similar to modern 
Man. The skull was ape-like but it 
showed a number of human features 
and although it is difficult to be sure, 
these creatures seem to merit the 
name of primitive men. 

Could these ancient creatures have 
been the ancestors of Pithecanthropus? 
This is unlikely. In his very heavy 
brow-ridges and some other features, 
Pithecanthropus is more ape-like. Even 
more important is the time factor. 
The Australopithecines lived about 
half a million years before Java Man. 
It is highly unlikely that the differences 


' the Pithecanthropus 


A fossil jaw fragmen Pitre 

pus. From this sort of remains, the whole 
skull has been reconstructed. 

could have arisen in such a com- 
paratively short time. It is possible 
that the Australopithecines are very 
close to the line of human ancestry but 
still on a side-branch. Both they and 
Pithecanthropus probably had a com- 
mon ape-like ancestor even further 
back in time. 

At Ternifine in Algeria some jaw 
bones have been found showing some 
resemblances to the jaws of Pithecan- 
thropus. It is probable that men of this 
general type were widespread between 
three hundred thousand and _ five 
hundred thousand years ago. A large 
jaw-bone unearthed in Germany has 
been ascribed to ‘Heidelberg Man’. 
It shows some similarities to the 
Algerian fossils but is more modern in 
appearance. Skull fragments found 
at Swanscombe in England and at 
Steinheim in Germany are about the 
same age (three hundred thousand 
years). Both closely resemble modern 
Man (Homo sapiens) but the Steinheim 
skull has powerful brow-ridges like 
Pithecanthropus. It would appear that 
type gradually 
evolved into modern Man in the Old 
World. The available evidence, how- 
ever, is not enough to prove these 
theories and we must await further 
fossil discoveries. 


The possible relationships of Pithecanthropus, as ancestors of modern Man. (Right) 


Some stongetgols found with remains of Java Man. 
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MONKEYS 


The RADIO PILL 


WHAT really is happening inside the body? What are 

the temperatures and pressures in different regions, 
and just what enzyme activity is going on? An instrument 
which has been designed to reveal such information is the 
endo-radwosonde or simply, the ‘radio pill’. Though still in a 
developmental stage it is likely to be of great medical value 
in the future. : 

The radio pill is really a minute radio transmitter housed 
in a tiny glass or plastic capsule. It can be made less than 
1/10 of acubic inch in size. Because it is so small it can be in- 
serted into the cavities of the body. It can even be swallowed 
and without causing any harm, passes through the food 
canal or gut, transmitting information all the time. The 
radio waves are sent out by a transmitter (a transistor 
oscillator) powered by a very small battery. The frequencies 
of the waves emitted are between 300-600 kilocycles per 
second. Such frequencies are suitable for transmission 
through the watery body material and do not interfere 
locally with normal radio communications. 

Each radio pill is constructed to gather information about 


Radvw pills, being small 
i nd having no cumber- 
some wires attached, can 
transmit radiowaves 
JSrom inaccessible places. 


: picked up outisde with an 


only one physical condition at a time — say a temperature. 
A device is built into the pill which alters the frequency of 
the radio-waves emitted, in response to temperature 
changes in the immediate surroundings. A device like this 
is called a transducer. 

Before use the pill must be calibrated. The transducer 
in the pill is subjected to known temperatures correspond- 
ing to the two extremes likely to be encountered. The exact 
frequencies emitted by the pill are recorded at these 
temperatures. Thereafter, the frequencies transmitted 
from inside the body and picked up by an aerial outside, 
can be related to the two standards. The various body 
temperatures are then estimated. 

The design of the transducer depends upon the measure- 
ments it has to make. Radio pills for measuring temperature 
may have a ring-shaped wire coiled about an iron-nickel 
bar. The magnetic properties of the wire vary considerably 
with temperature. Any changes immediately alter the 
frequency of radio-waves. By picking up and then measur- 
ing the frequency of the waves temperature changes as 
small as 0-1°C. can be measured. 

The pills for measuring pressures have a moveable 
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The receiving apparatus complete with mobile aerial. The radio pill 
which transmits the radtowaves is minute in size. Variation in wave 
frequency gives information about surrounding physical conditions. 


plastic diaphragm built into the outside plastic casing. 
Changes of pressure move the diaphragm and also cause 
a metal lid inside the capsule to move. The metal lid is the 
tuning device of the transducer and any movement causes 
the frequency of the radio-waves to alter. 

For the information to be of real value, the whereabouts 
of the pill inside the body must be accurately known. 
Movements, for instance, of a radio pill inside the gut may 
be very complicated indeed. ; 

One method of tracing the pill would be the use of X-rays. 
But continuous exposure of the body is undesirable for 
health. The problem can be solved by using the radio- 
waves themselves. Though their frequencies change their 
amplitudes do not. The external receivers discover and 
track the movement of the pill merely by gauging the 
strength of the waves. 

When finally developed, the radio pill may have other 
uses apart from medical research. There are numerous 
instances in industry where measurements are difficult 
to obtain using conventional methods. Radio pills could 
provide the solution. One example is the canning industry 
where sterilization temperatures inside tinned goods could 
be easily estimated by ‘planting’ the pill. 


Before use, the radio pill must be standardized. This pill is being 
calibrated for temperature between 36°C — 39°C. The frequency of 
waves are measured at the two extremes. Thereafter frequencies 
emitted within this range can be related directly to temperature. 


ATOMIC PHYSICS 


The BAND THEORY of SOLIDS 


FREE ELECTRONS CAN 
MOVEetN SOLID 


(‘BOUND’ ELECTRONS 
AREgOTSHOWN) 


In conductors like copper, some of the 
electrons can easily be pushed from 
atom to atom, producing an electron 
flow or electric current. 


INSULATOR ALL ELECTRONS 


ARE BOUN' 


ewe 
wo 


ARE IN FORM OF 
LONG CHAINS 
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In an insulator like polythene the 
electrons are firmly attached to the 
atoms and no current can flow when 
an electric potential difference is 
applied across the insulator. The 
electrons need to be given a lot of 
energy to be released. 


"THE physical properties of all forms 

of matter — gas, liquid or solid — 
depend on the way the matter behaves 
when it absorbs energy. When a bar of 
copper is given energy by an electric 
cell, it conducts electrons and an elec- 
tric current passes in the bar. When the 
same cell is connected across the ends 
of a rod of polythene no measurable 
current passes. And yet, both the 
copper and the polythene are made up 
of atoms, and in both the copper atoms 
and the hydrogen and carbon atoms 
(in the polythene) there are positively 
charged nuclei and negatively charged 
electrons. Polythene is an insulator not 
because there is a shortage of electrons 
to make up an electric current. 

The differences between one solid 
and another — the way it responds to 
an applied electric potential, the way 
it behaves when it absorbs light energy 
—are all determined by the electronic 
structure in the solid. 

By this is not meant the actual sites 
or positions of electrons. Modern 
physics tells us that it is impossible to 
say with any precision where a par- 
ticular electron is situated anyway. 
What is meant is that in one material 
so many electrons have so much 
energy and another number have a 
different energy. In the solid the 
electrons are sorted into batches, 
electrons in each batch possessing a 
similar energy. The solid is rather 
like an office building with the elec- 
trons the workers. Normally the wor- 


The electrons in an atom are arranged in orbits. The further out the orbit, the higher the 
energy of the electron. The energies of the electrons are shown as lines on the energy diagram. 
The higher the line the higher the energy of the electron. Similarly, the higher the rung of the 


ladder the greater the man’s potential energy. 
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kers are situated on a particular 
storey, but when they pass from one 
storey to another, they do so quickly, 
using the elevator. In the solid each 
storey is an energy band and the band 
theory of solids provides the explana- 
tions for many of the different proper- 
ties of the solids. 
Electrons in Atoms 

In the atom the electrons are 
arranged in shells around the nucleus. 
Once again it is impossible to say what 
the exact position of a particular 
electron is at a particular time. When 
it is said that an electron is in a par- 
ticular orbit it really means that the 
electron has a particular energy. In 
the atom, the energy of electrons in 
each orbit is fairly accurately defined. 
The orbital energies can be represen- 
ted on an energy diagram with each 
energy shown as a line, like the rungs 
of a ladder. The upper rungs represent 
the energies of the electron in orbits of 
high energy, the lower rungs those in 
low energy orbits. 
Electrons in Solids 

The electrons in the orbits of atoms 
have definite energies and these are 
represented by thin lines on the energy 
diagram. They must have this energy 
because otherwise they would be 
pulled towards the nucleus (the posi- 
tive charge on the nucleus exerts a pull 
on the negatively charged electron). 
In a solid, there are vast numbers of 
atoms, quite close to each other. So 
there is not just the force of attraction 


The man must put his foot firmly on the 
rung, or he will fall off the ladder. The 
electron must be in a definite energy level, 
not in between two levels. 
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between the nucleus of one atom and 
its own electrons. Electrons from 
neighbouring atoms also exert an 
influence. The result is that the 
energies of the electrons in each atom 
are altered slightly by the presence of 
their neighbours. 

It is as if the single rungs of the 
ladder have broadened into a bundle 
of rungs, as when a pile of ladders is 
stacked, one on top of the other. 

For this reason, the energy diagram 
for the solid is not the same as for the 
single atom. The lines for individual 
atoms have all been slightly altered 
and when they are all put together on 
the diagram, they broaden into a 
bundle of lines — into bands. So, in the 
solid the electrons are all arranged in 
these energy bands, with each group of 
electrons having energies particular 
to its own band. Electrons can pass 
from one band to another only when 
they are given sufficient energy to do 
so. 

Conductors and Insulators 

The band theory of solids is useful 
because it provides a useful way of 
explaining the difference in properties 
between the different types of solid 
material. To return to the difference 
between electrical conductors and 
insulators. In the old theory, it was 
thought that a cloud of free electrons 
was present in the body of the con- 
ductor, and these were able to move 
through the solid when quite a small 


potential difference was applied. In an 
insulator, the electrons were tied to 
the atoms and were not free to move 
through the solid, unless a very large 
potential difference was applied. 

In the band theory free electrons are 
in the top, conduction band. The other 
electrons are in lower energy bands, 
the valence bands.In a metal like copper 


the atoms are so close together that the 


energy bands are very broad, because 
the electron orbits have been affected 
a great deal by neighbouring atoms. 
Then, the highest energy band has 
broadened so much that the top 
valence band overlaps the conduction 
band. For this reason, electrons are 
free to move in the metal, and metals 
conduct electricity. 

In insulators, the atoms have not 
come so close together, so the valence 
bands have not broadened into each 
other. There are large gaps between 
the bands. This means that electrons 
in the top band cannot pass into the 
conduction band unless they are given 
large amounts of energy. For example, 
if the insulator is heated up, some 
electrons are given enough energy to 
pass into the conduction band and be- 
come free electrons. Again, if a very 
large potential difference is applied 
across the insulator some electrons will 
gain enough energy to pass into the 
conduction band. The insulator be- 
comes conductor — in other words, it 
breaks down. 


CONDUCTOR INSULATOR 


For electrons to be mobile in a solid 
they have to be in the high-energy 
conduction band. They then need only 
a small ‘push’ from a battery to pass 
through the solid. In metals there are 
electrons in the conduction band. In 
insulators there are no electrons in the 
conduction band, and no current can 


pass in the solid. 
GR) CONDUCTION 
BAND NORMALLY 
EMPTY 


When an insulator 
is heated, electrons 
are given enough 
energy to pass from 
low energy bands 
to the conduction 
band. Electrons can 
be pushed through 
the solid and the in- 
sulator conducts 
electricity. 


When atoms are close together as in a solid, the electrons from different atoms affect each other. The energies of the electrons are altered. 
The single energy lines become bands. This is like tying rungs of several ladders together — the man’s foot is on a bundle of rungs, not a 


single rung. 


= 4 4 
Ge —S Oo = oe 
i ey: { (ey: \ 
on \S = 4 j conan een 
ee se 
Fon 
te jp = 2 2 
Cy 7 > 
Sa7A0 i ia >> 
4 SZAT) 
~ ae e; \ “ mes | ecm 
GA 
4 
' wey, ) emetic? meme 
7 IF SEPARATE 
“=” ATOMS ARE BR’ 
CLOSE TOGETH 


ER TO MAKE 
SOLID, THE ENERGY LEVELS ARE ALTERED 


ENERGY LEVELS IN SEPARATE ATOMS 


Ec 
pat t | 


1885 


| HEAT PHYSICS | 


MEASURING 
THERMAL 
CONDUCTIVITY 


OME materials feel warm to the 
touch — others like marble do not. 

The difference in the materials is their 
thermal conductivity. Metals have a high 
thermal conductivity — they conduct 
heat away from the fingers rapidly, 
and so feel cold, whereas gases such as 


SNOW MELTS 
TO ONE FIFTH 
ITS VOLUME OF 
WATER 
SHOWING 


THAT IT IS 
LARGELY AIR 


A large quantity of snow melts down to very 
little water. This is because snow is over 


80%, air which makes. it a good thermal 
insulator. 


air are the lowest in the scale. Materials 
with a lot of spaces in them such as 
cotton wool or asbestos consequently 
make good thermal insulators, though no 
material is a perfect insulator. 

Heat is energy of motion in the 
atomic particles of a substance, and 
heat flow is the diffusion of this energy. 
Heat passes through a body because 
there is a temperature gradient between 
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Searle’s apparatus for find- 
ing the thermal conductivity 
of good conductors such as ¥% 
copper or aluminium. The © 
character of metals which ¥~ 
makes them good conduc- ¥} 
tors of electrictty also makes 
them conduct heat eastly. 


the ends. This measures the steepness 
of temperature fall and is another way 
of saying that one end is hotter than 
the other. In fact temperature gradient 
is the difference of temperature be- 
tween each end, divided by the 
distance between each end. 

As with electrical conduction there 
is a simple law of heat conduction 
which can be applied to the heat 
flowing out through the walls ofa room, 
or the flow of heat along a bar such as 
the handle of a saucepan. Heat flow 
per sec. through 1 sq. cm. = thermal 
conductivity x temperature gradient. 
The experimental way of finding the 
thermal conductivity of any material 
consists in measuring the heat flow 
when the temperature gradient is 
known. There are two sorts of experi- 
ment — those for good conductors and 
the other for materials of low con- 
ductivity, i.e. insulators. 

Searle’s Bar Method 

The material, usually a metal, is 

made into a long bar. One end is 
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SIDE FITS ON SO 
THAT APPARATUS IS 


soldered to a heat source such as a 
steam tank. A cooling coil through 
which a known quantity of water is 
passed per second is wrapped around 
the other end. Two thermometers 
along the bar at a known distance 
apart make good thermal contact with 
it through mercury cups. A further 
two thermometers take the tempera- 
ture of the water as it leaves and enters 
the coil. In order that no heat loss 
occurs through the sides of the bar, the 
bar and coil are surrounded by a box 
filled with a good insulator such as 
cork chippings. When steam is let into 
the tank the heat starts to flow along 
the bar. After a while some of this heat 
reaches the coil and the flowing water 


A wax coating on rods attached to a hot tank 
melts to different lengths depending on thecr 
thermal conductivity. 


~ . 


COVERED IN COMPLETELY 


OOD (POOR CONDUCTOR) 


removes the heat. When steady con- 
ditions become established, i.e. all the 
thermometers stay at a fixed reading, 
the heat passing along the bar is 
entirely removed by the water in the 
coil at the far end. 

On measuring the water flow and its 
rise in temperature, the total heat re- 
moved by the water per second is 
found. Once the temperature gradient 
is read off the conductivity is known. 


The temperature gradient is the dif- 
ference in the other two thermometer 
readings divided by the distance be- 
tween them. 
A Method for Poor Conductors 
For materials which are bad con- 
ductors of heat such as flannel or 
asbestos a long bar would conduct 
hardly any heat so the specimen is 
made into a flat disc a few millimetres 
thick and enclosed between two heavy 
brass plates in contact with thermo- 
meters. The upper brass plate makes 
up the bottom of a steam chest and the 
whole apparatus is suspended in air by 


The apparatus reaches a steady con- 
dition in which all the heat flowing 
through the disc is lost by convection 
and radiation from the lower plate. 
t, will be at 100°C and t, at a lower 
temperature. To find the heat loss of 
the brass plate at this temperature 
another experiment must be per- 
formed. 


three strings to minimise conduction 
losses. This apparatus is called the 
Lees and Chorlton Disc. Steam is passed 
into the chest and eventually the whole 
system comes to equilibrium with the 
upper thermometer at 100°C and the 
lower one at, say, 70°. All the heat 
received by the lower plate through 
the disc is now being lost by convec- 
tion and radiation to the surroundings. 
Since the heat lost per second is the 


‘same as the heat received through the 


disc per second, the second part of the 
experiment consists of finding the rate 
of cooling of the lower plate at 70°C. 
The lower brass disc is heated up to 
100°, one side of it being covered with 
a good insulator such as felt, because 
as in the experiment, no heat is lost 
through this side. Slowly the brass disc 
starts to cool. Its temperature is read 
at intervals and plotted on a graph 
against time. The gradient of this 
graph at the point 70° is the rate of 
cooling of the plate at this point. From 
this rate of cooling can be found the 
heat lost in calories per sec. This is 
equal to the rate of flow of heat through 
the disc. The thermal conductivity 
multiplied by the temperature gradi- 
ent is then equal to this heat flow. 
These two methods are the usual 
way of finding the thermal con- 
ductivity but other specialized 
methods are used for liquids and gases. 


The gradient of the graph at 70°C is 
the rate of fall of temperature at 70°C. 
If the mass of the brass plate is M the 


specific heat of brass S, then MS 2 is the 


number of calories of heat lost per sec. 
This is equal to the heat flowing 
through the disc. If A is the area of the 
disc of material then heat flowing per 


sec. through | sq. cm. = Ma 


Ab 
This equals thermal conductivity x 
temperature gradient. The tempera- 
ture gradient across the disc of 
material is “2 so kal Thermal 
d Ab » 
conductivity x ak. 
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APPARATUS SUSPENDED 
IN SPACE TO PREVENT 
HEAT LOSS BY GONDUCTION 


DISC OF MATERIAL OF 
UNKNOWN THERMAL CONDUCTIVITY 


Lees and Chorlton’s disc. 


The lower brass disc is heated up on 
its own by putting it in contact with 
the steam chest. The top side is covered 
with felt so no heat is lost through the 
side. The temperature falls and every 
few minutes it is plotted on a graph. 


00°C GRAPH SHOWING 
GRADUAL FALL 
IN TEMPERATURE 
OF LOWER BRASS 
DISC. AT THE 


70°C POINT THE 
RATE OF FALL IS 
5 degrees/sec. 


\— COOLING CURVE 


TANGENT AT THE 70°C POINT 
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| BIOLOGY 


HYDRA - a Hollow-bodied Animal 


YDRA and its relatives are among 
the simplest of the many-celled 
animals. The body is a simple sac with 
a single opening — the mouth — which 
is surrounded by tentacles or ‘arms’. 
These animals are called coelenterates 
(see-lent-a-rates) from the Greek words 
koilos meaning hollow and _ enteron 
meaning gut. The body wall is made 


_— variatio 
_ twosmall crusta 


up of two cell layers, in contrast to the 
three layers of higher animals. 

The various species of Hydra live in 
fresh water and are widely, though 
erratically, distributed. One pond 
may be full of them while another 
seemingly similar pond may contain 
none at all. Hydra lives attached to the 
vegetation in the water. 

Under the microscope, the body 
wall, and that of the hollow tentacles, 
is seen to be composed of two cell 
layers. The ectoderm is on the outside 
and the endoderm is the inner layer. 
Between the two there is a thin layer 
of jelly-like material called the meso- 
gloea (meez-o-glee-a). Most of the cells 
taper at one end and the spaces be- 


1888 


tween them are filled with inéerstztzal 
cells —small unspecialised cells that 
help to make good any injury to the 
animal. 

The cells of the ectoderm have at 
their bases (i.e. their inner edges) 
muscular projections called muscle tails. 
These lie along the length of the animal 
in the layer of jelly. When they con- 
tract, the animal gets shorter. By 
contracting the muscle tails on one 
side only, the animal can bend in any 
direction. The cells of the endoderm 
also have muscle tails but these run 
around the body. Their contraction 
makes the body long and thin. A 
simple network of nerves in the body 
wall controls the actions of the muscle- 
tails. 

How ‘Hydra’ gets its food 

Hydra feeds on a variety of small 
animals such as water fleas which it 
catches by means of lots of tiny sting- 
ing cells on its arms. Scattered over 
the outer layer of the arms there are a 
great many of these stinging cells 
called nematoblasts. Smaller numbers 
occur on the main body. Each nemato- 
blast contains a capsule (nematocyst) 
from which projects a small ‘trigger’ 
called a cnidocil (pronounced, nid-o- 
sill). Inside each capsule there is a tiny 
hollow thread. It is inverted just like 
a finger of a glove which is pushed into 
the hand part. These threads are the 
food-catching apparatus. 

There are several types of thread, 
each with a special function. When an 
animal brushes against a tentacle, it 
disturbs some of the triggers. This 


HOLLOW BODY 
CAVITY 


The two layers of the body of Hydra shown 


diagrammatically with the muscle tails: of 


both layers exposed. 


A section of the body wall showing the 
different types of cell, the muscle tails 
and the mesogloea. 
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causes the threads to be shot out of 
the capsules. Some of the threads are 
provided with barbs which penetrate 
the skin of the prey and inject a 
poison. Although the amount of poison 
is minute, creatures like water fleas 
are rapidly paralysed, for the poison 
is, volume for volume, nearly as strong 
as cobra venom. Other threads are 
coiled or sticky and help to ensnare 
the prey. When once a stinging cell 
has been discharged it is useless and 
must be replaced. New ones are 
formed all the while from the un- 
specialised interstitial cells in the body. 


MUSCLE TAILS 


” MESOGLOEA . 


NUCLEUS 


‘TRIGGER’ 


They have a remarkable ability to 
migrate through the body to the place 
on the tentacles where they are re- 
quired. 

It appears that when the stinging 
cells penetrate the prey, proteins set 
free from the pfey stimulate Hydra to 
open its mouth and to curl the tentacles 
towards it. The food is put into the 
mouth and digestion begins. Some 
of the cells lining the gut secrete 
digestive juices. These juices begin 
to break down the food into smaller 
particles. Other lining cells have long 
hair-like flagella that wave about and 
keep the contents of the gut well 
mixed. A further type of lining cell 
acts rather like an amoeba and engulfs 
small food particles. Digestion is com- 
pleted in these cells and the products 
are diffused over the rest of the body. 
Any indigestible remains pass out 
again through the mouth. 

Because the body wall is only two 


cells thick and is surrounded by water 
on both sides, no special organs are 
required to obtain oxygen or to get rid 
of waste matter. These substances 
merely diffuse in and out of the cells. 
A circulation system is quite un- 
necessary for carrying dissolved gases 
and food around the body. 
How ‘Hydra’ Reproduces Itself 
During warm weather, when food is 
easily obtained, Hydra reproduces by 
budding. The body wall grows at some 
point or points near the base and 
forms a bulge. A mouth and tentacles 
develop at the end of the bulge and 


Poe THREADS 


oF THE PREY 


An undischarged stinging cell 
-and three sorts of discharged 
cells which help to catch Hydra’s 


food. 


the new animal becomes separated 
from the parent. It may drift around 
in the water for a few days before 
becoming attached. Even small broken 
parts of Hydra can grow into complete 
individuals as long as certain amounts 
of both ectoderm and endoderm are 
present. In some related animals (e.g. 
Obelia), budding occurs «frequently 
but the new individuals do not separ- 
ate. They all remain together and 
build up a branching colony. 

Hydra can also reproduce sexually. 
Male and female structures some- 
times occur on one individual but in 
most species the sexes are separate. In 
the autumn, testes epee? near the 


— JELLYFISH 


SEA ANEMONE 


The majority of the ‘hollow-bodied’ 
animals live in the sea. Hydra is an 
exception. There are many colonial 
animals, such as Obelia, that are related 
to Hydra. Corals and sea-anemones are 
also "ralnced, though not so closely. 
These animals contain a lot of vertical 
folds in the body that increase the area 
for food absorption. Jelly-fishes may 
be likened to flattened Hydras swim- 
ming upside down. The hollow gut 
exists as a number of canals. The Bower 
of the stinging cells of jelly-fish is well 
known to bathers in warm seas. Some 

jelly-fish catch and consume quite 
large fish. 


DIAGRAM SHOWING HOW 
Beagle 4 cigs pels BE LIKENED 


HE GUT CAVITY 
Is SHOWN RED. 


tentacles and ovaries near the base. 
They and the sex cells they produce 
develop from the interstitial cells. Both 
male and female structures develop 
as swellings on the body but the male 
structures contain lots of sperm cells 
and the ovaries, only a single egg. 
When ripe, the male cells are shed into 
the water. Most of them perish but 
some reach and join with female cells. 
The zygotes so formed begin to divide 
rapidly and form balls of cells. These 
form a protective layer around them- 


-selves and drop off from the parent to 


spend the winter in the mud. When the 
water warms up in the spring, the 
cells break through the protective 
coat and grow into a new Hydra. 
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GRIGNARD 


REAGENTS 


ANY people still tend to regard 
organic chemistry and inorganic 
chemistry as two distinct branches of 
science, even though it was realized 
long ago that one branch ran into the 
other. The chemistry of living things 
and the chemistry of minerals have 
much in common. In 1828 Friedrich 
Wohler obtained urea, a_ typical 
organic compound excreted by 
animals, from ammonium cyanate, an 
inorganic compound. 

More recently the two branches of 
chemistry have been brought closer 
together with developments like the 
preparation of whole series of organo- 
metallic compounds. In these com- 
pounds, an atom of a metal is linked 
directly to a carbon atom in the 
organic molecule. 

One particularly interesting and 
useful group of organometallic com- 
pounds is that which magnesium 
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chlorosilanes are made by this process. 
forms with alkyl halides. These mag- 
nesium compounds were discovered 
by Francois Auguste Victor Grignard, 
a French chemist, in 1900. They form 
a convenient means of building up 
several different types of organic com- 
pounds, and are known as the Grig- 
nard reagents. 

It is unusual to build up a compli- 
cated molecule from simpler ones in a 
single step. Several stages are usually 
needed and Grignard reagents provide 
useful stepping stones. They have one 
great advantage over many other 
intermediate substances used in pre- 
paring new compounds. It is not 
necessary to isolate a Grignard reagent 
from the reaction mixture before it 
goes to the next stage. 

Making the Reagent 

Grignard reagents are formed by 
the combination of magnesium with 
an organic chlorine, bromine or iodine 
compound (e.g. ethyl iodide, C.H;I). 
As Grignard reagents are easily de- 


Preparing the R 


ETHYL IODIDE 


In the three necked flask (left) a Grignard reagent is being prepared by the action of 
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The Grignard reaction is important commercially in the production of ¢ by esilanes — 
intermediates used in the manufacture of silicones. This picture shows vessels in which 


composed by water, they are prepared 
in dry (water free) ether. It is essential 
that all the other reagents and the 
reaction vessel too are perfectly dry. 

After the organic halogen com- 
pound (alkyl halide) has been dis- 
solved in dry ether, small turnings of 
magnesium are added to this solution 
which is then heated carefully for 
sometime. The reaction vessel is fitted 
with a condenser so that vapour which 
boils off condenses in the cooler part 
of the tube and drips back in the flask. 
This process is called refluxing. 

The magnesium atom in the Grig- 
nard reagent links the hydrocarbon 
chain with the halide group. In sub- 
sequent reactions this magnesium 
halide group is replaced by a hydro- 
carbon chain or by another group of 
atoms. There are two different types of 
reaction in which new compounds are 
formed from the Grignard reagent. 
It may take part in a double de- 
composition reaction with another 
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magnesium filings on a solution of ethy! iodide in dry ether. 
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compound. The magnesium halide 
group changes place immediately with 
another group to form the new com- 
pound. 

Alternatively an extra group may be 
added onto the Grignard reagent in an 
addition reaction. In a second reaction 
this addition compound is broken 
down by the action of dilute acid. 

Grignard reagents are very useful 
for preparing pure samples of the more 
complicated molecules particularly 
those which are difficult to prepare 
by other means. Certain of the re- 
actions with other reagents yield 
products which contain one more car- 
bon atom in the molecule than was in 
the original alkyl halide. Grignard 
reagents can, therefore, be used for 
ascending the homologous series, i.e. 
for making whole families of chain 
compounds. The alternative and more 
tedious method is to introduce a 
cyanide group into the molecule. 
Double Decomposition 
Reactions 

Paraffins and primary amines can be 
formed directly from Grignard re- 
agents in double decomposition re- 


Double Decomposition Reactions 


FORMALDEHYDE 


H.CHO 


baer 


CH,.CH,CH(CH,)OM¢gl 


C3,H,OMgl 


oui" 


“ac; R 


actions. If water is added to a Grig- 
nard reagent, the hydrogen ion from 
the water replaces the magnesium 
halide of the Grignard reagent, to form 
a hydrocarbon containing the same 
number of carbon atoms as the original 
alkyl halide. 

A longer hydrocarbon chain can be 
formed by the action of an alkyl halide 
(not necessarily the same one as used 
in forming the Grignard reagent) on 
the Grignard reagent. Here the alkyl 
group displaces the magnesium halide 
group from the Grignard reagent. 
Addition Reactions 

Primary, secondary and tertiary 
alcohols, aldehydes, ketones and fatty 
acids, all these can be formed from 
Grignard reagents by addition re- 
actions followed by hydrolysis. Al- 
cohols are formed by the addition of a 
compound containing a _ carbonyl 
(C=O) group. If formaldehyde 
(H2C= -O) is used, a primary alcohol 
is obtained. Aldehydes (except form- 
aldehyde) yield secondary alcohols 
while ketones give tertiary alcohols. 

Almost all these addition reactions 
produce, as the intermediate, a com- 
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pound containing an —OMglI group 
attached to a carbon atom. This 
group is subsequently eliminated as 
magnesium hydroxyiodide [Mg(OH)I] 
when the intermediate compound is 
treated with dilute acid. The water in 
the acid takes part in a double de- 
composition reaction with the inter- 
mediate compound. The intermediate 
compound is hydrolyzed — the hydroxyl 
ions of the water link up with the MgI 
groups of the compound, while the 
hydrogen ions add on to the organic 
chain. 

The Grignard reagents provide use- 
ful short cuts for making various com- 
pounds which would otherwise have 
to be built up in several stages. They 
are particularly valuable in synthesis- 
ing the secondary and tertiary alcohols, 
and also some ketones which are not 
directly available from natural sources. 


SCIENTIFIC INSTRUMENTS 


THE SOXHLET APPARATUS 


DIBLE oils can be extracted from 
various vegetable sources, such 
as groundnuts and coconuts, by pass- 
ing petroleum spirit over the crushed 
seeds. If the petroleum is cold only 
small quantities of the oil are re- 
covered, while if it is too hot the oil 
molecules are oxidized and rendered 
useless. The temperature of the extrac- 
tion process has, therefore, to be care- 
fully controlled. 

Before each batch of seed is accepted 
as a source of vegetable oil, samples 
must undergo careful tests. The pro- 
portion of oil in the seed is usually 
measured using the Soxhlet extraction 
apparatus. This same apparatus is also 
used in the determination of the fat 
content of manufactured foods such as 
sausages. Since the highest tempera- 
ture which the sample experiences is 
that of the boiling solvent, the chemi- 
cal composition of the oil is preserved. 
In this way the maximum amount of 
oil is extracted without spoiling it. 

The Soxhlet apparatus consists of 
three units which fit together one 
above the other. At the base is a round 
bottomed flask in which the solvent is 
boiled. The extractor itself fits into the 
neck of the flask, while a condenser is 
attached to the top of the extractor. 
In all modern versions of the apparatus 
the three components are joined to- 
gether by means of standard ground 
glass joints. These are virtually leak 
proof, so that no oil nor inflammable 
vapour is allowed to escape. 

The solvent is poured into the flask 
while the sample, supported in a paper 
thimble, is placed in the main body of 
the extractor. The flask is usually 
warmed by an electric heating mantle. 


Vapour from the flask rises through the 
extractor’s side tube and most of it 
enters the condenser. Condensate then 
drips down on to the sample in the 
body of the extractor. 

At first there is not much liquid 
around the sample. At this stage the 
sample is warmed by the hot vapour of 
the solvent and this helps to loosen the 
solid particles (which in some instances 
are packed closely together). Then, 
gradually the extractor becomes filled 
with solvent, and as the liquid level 
rises around the sample, more and 
more of the oil dissolves in the solvent. 

Eventually the liquid level reaches 
the top of the siphon tube. As.soon as 
this siphon tube fills with solution, all 
the liquid in the extractor is quickly 
drained back into the round bottomed 
flask below. 

As the liquid in the flask continues 
to boil all the while, there will be very 
little interruption in the supply of 
vapour to the condenser and of con- 
densate to the extractor. And the con- 
densate is always pure (or almost pure) 
solvent. Since the oil extracted by the 
solvent has a much higher boiling 
point it remains in the flask. This 
means that the maximum amount of 
oil can be extracted by each successive 
filling of the extractor. 

When, eventually, all the oil has 
been extracted the solution is collected 
in the flask. Then all the solvent is 
removed by careful evaporation. The 
oil is left behind in the flask, so that 
any increase in weight of the flask is 
due to the oil. The proportion of oil 
in the sample is then calculated by 
comparing the weight of oil recovered 
with the total weight of the sample. 
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One theory of the Earth’s origin is that 
it gradually condensed from a mass of 
dust and gases. At first it was probably 


, 3399 ‘ F Id. Then, as the S du 
If the whole of the Earth’s history (4,500 million years) were condensed into a period of Melt a ineteive decay tn the Earth te 


twenty-four hours, the Cambrian period, which began about 600 million years ago, would in, the temperature rose, until the 
begin about nine-o-clock in the evening. No life at all would appear until after eight in the Earth became semi-molten. 

morning and then only simple organisms. On this scale Man comes into existence about a 
quarter of a minute to midnight. 


Only if the Earth was at some time in a SIAL + SIMA 
molten or semi-molten state, could the See 
present distribution of the rocks have been 
obtained. The lightest rocks — granites etc., 
composed largely of silica and aluminium 
compounds — are at the surface and form the 
continental blocks. These float like huge 
rafts on the denser rocks containing silica 
and magnesium which also lie under the 
oceans. Below these layers are the even 
denser layers of the mantle and the core. 
When the Earth was first formed the surface 
was probably very rugged and the ocean 
basins large hollows. At that time, most of 
the water must have been in the form of 
steam up above the surface. 
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The first-formed rocks developed from the semi-molten state and must have been similar to the 
igneous rocks of the present which crystallize from a molten state. Then, as the Earth cooled, 


the clouds of steam condensed and rain began to fall. The water attacked the rocks chemically 
and physically and began to carry sediment down in rivers. These reached the seas and 
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deposited the sands and gravels which were the first sedimentary rocks. 


But the original surface of the Earth has 
long since disappeared. As the famous 
geologist Hutton said, ‘no vestige of a 
beginning’ has been found. Mountains have 
been built and destroyed many times during 
the Earth’s history. Sediments from the 
destruction of the land accumulated on and 
around the continental shelves. These sedi- 
ments have sometimes gone into the making 
of new mountains. If convection currents 
developed in the semi-molten lower regions 
of the Earth, they might draw down sedi- 
ments in what are called geosynclines 
(sinking regions). Enormous thicknesses of 


| sediment could accumulate in this way. 
: Then, if the convection currents died away, 
} the sediments would rise up because they are 


lighter than the surrounding rocks. In rising 


5 up, the rocks would become highly com- 


pressed and folded. Many of them would 
change in form (become metamorphosed), 
especially those compressed in the root of the 
new mountains. 


— FOLDING OF ROCKS | Stresses in the rocks associated with moun- 

tain building have caused more folding and 
faulting. In faulting huge blocks of rock 
may move relative to each other along a 
fault plane to overcome the stress. 


Volcanic activity 1s associated with mountain building. Rock movements can create enormous amounts of heat — helping to melt rocks — and 
then force the molten material to the surface through cracks or vent pipes. Sometimes the volcanic rock does not reach the surface but remains 
embedded in older rocks. The rocks show that this sort of thing has happened many times in the past. It is significant that today’s volcanic 
regions are associated with the youngest (most recently formed) mountain ranges, showing that the Earth ts still unstable in those regions. 
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UNDERLYING MAGMA 


Something can be seen of the periods of uplift and denudation in the various unconformities in the Earth’s rocks. When a folded mountain 
chain ts reduced by erosion to an almost flat plain, the sea can re-invade the area and will deposit sediment on the planed-off tops of the folds. 
There must obviously have been a time gap between the layers and this ts therefore called an unconformity. 
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During its history the Earth has suffered many climatic changes. Ice-Ages are known to have occurred before the Cambrian period, at the end 
of Carboniferous times, and within the last few thousand years. The valleys carved out and the deposits left by moving te are very charac- 
teristic. There have also been periods when much of the world had a desert climate. Red sandstones with rounded grains indicate wind-blown 
deposition in a dry climate. Although life must have been in existence a long time previously, the first major fossil finds date from the Cambrian 
period, nearly 600 million years ago. Since then many different types of organism have appeared and then become extinct. Many of them can 
be used to determine the climate or the conditions under which they lived, by comparing them with present-day relatives (if any). Fossils are 
also very useful for placing rocks in the proper position in the time scale. Graptolites in a rock mean that it is a Palaeozoic rock for these 
creatures did not survive after that era. 
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| BIOLOGY | 


O the gardener, aphids are a pest. 
Swarms of these tiny insects may 
invade and ravage his flowers and 
crops. He calls them ‘greenfly’, ‘black- 
fly’ and ‘plant-lice’ and kills them by 
spraying his plants with chemicals. 

There are numerous different 
species of aphid. Each species has its 
own preferences for plant hosts. In fact 
each species usually has several plant 
hosts, and migrates periodically from 
one to another. The Bean Aphis or 
blackfly (Aphis fabae) for instance, 
migrates from the Spindle tree to the 
herbaceous plants such as the bean, 
sugar-beet and parsnip. The Grain 
Aphis (Aphis avenae) moves from wild 
grasses to wheat and other cereal 
crops. Some species do stay on the same 
plant but move periodically from root 
to stem. 

Like all insects, the body of the 
aphid can be divided into three sec- 
tions, head, thorax and abdomen. The 
over-all appearance is usually pear- 
shaped, but the colour varies from 
species to species— greens, browns, 
reds, blacks, greys. The length of most 
aphids is only about 2 or 3 millimeters 
(less than # inch). The three pairs of 
legs, one to each thoracic segment, are 
long in comparison with the body. 
They are not however adapted for 
leaping; aphids are very sluggish 
walkers. Some individuals may have 
two pairs of transparent wings and 
are capable of flight. 

The mouth parts on the head are 
adapted to piercing plant surfaces and 
sucking liquid foods from the tissues 
inside. The two jaws (mandibles) are 
The mouth parts of aphids are adapted for 


pierging plant surfaces and sucking sap. 
The x maxillae come together as shown 


to formscanals — one for injecting saliva, 
~“ : 
me for absorbing food. ~ 
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© NEEDLE-LIKE 


The Rose Aphids pass ie wupter as eggs upon rose trees. In summer, they invade tulips, 
irises, nettles and more important, the potato plant. Young are called nymphs. They soon 
reach maturity and themselves reproduce. Inset, the general structure and appearance of the 


aphid. 

needle-like. They come together to 
form a piercing outer stylet. The two 
secondary jaws (maxillae) form an 
inner stylet surrounding two canals. At 
rest, the needles are drawn up under 
the head and protected by an outer 
sheath formed from the lower lip 
(labium). When feeding begins the 
sheath is withdrawn and the needles 
are plunged into the food-conducting 
tissues of the plant. Saliva passes down 
one of the canals inside the needles and 
partially digests the plant fluids. Mus- 
cular action then pumps the sap up 
the other canal into the mouth. 

This diet is, however, very rich in 
carbohydrates — too rich. Excess sugars 
taken in by the aphid are extruded 
through the anus as a sweet fluid called 
‘honey-dew’. Honey-dew was at first 
thought to be the secretions of the 
cornicles —a pair of rod-like structures 
which can be seen on the upper surface 
of the abdomen. Secretions do in fact 


The stylets formed by the mandibles % 


pass out of the cornicles but not ‘honey- 
dew’. Instead a white-waxy fluid is 
emitted which helps to protect aphids 
from their many enemies. 
Life History 

The Bean Aphis is a common pest in 
many parts of the world. Its life history 
is fairly typical ofall aphids. At the end 
of the summer, the female of the aphid 
lays eggs quite normally. The eggs in 
the case of the Bean Aphis are attached 
to the bark of the Spindle tree or the 
Sterile Guelder rose. Winter passes 
an pring, the eggs hatch. Only 
femal erge. Soon these females 
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MANDIBLES maxillae plunge deep into plant stems andy 
leaf mid-ribs. They locate the phloem — 
special tissue used for conducting plant food 
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themselves reproduce but in a very 
strange way. They reproduce by 
parthenogenesis. Usually, an egg has 
only half a set of chromosomes. The 
other half is derived from the male 
when the egg is fertilized. In partheno- 
genesis no mating occurs. The egg cell 
has the full number of chromosomes 
and does not have to be fertilized. 
The young produced in this way are 
genetically identical to their mothers. 
They are all female and further they 
are born alive. The number produced 
by each female is about ten—a few 


Honey-dew is produced in large quantities by 
aphids. But the honey-dew attracts fungi, 
becomes blackened and ‘scorches’ the leaves. 
To the, ant, honey-dew is a valuable food. 
Some root-feeding aphids are, in fact, 
‘herded’ by ants for the honey-dew they 


secrete. 
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By sucking the sap from plant con- 
ducting tissues, aphids deprive the 
plant of essential foods. Leaves wilt, 
curl at the edges, become malformed 
and discoloured. Flowers are damaged 
and fruits remain small. Aphids attack- 
ing roots cause deformity and general 
unhealthiness in the plant. 

The punctures left by the aphid’s 
stylets in the surface of the plant give 
bacteria, viruses and fungi direct access 
into the internal tissues. In fact, 
aphids have been proved in some cases, 
to carry. certain virus diseases from 
plant to plant. 

Even: the honey-dew produced in 
great quantities by aphids is detri- 
mental: to\ plant health. The sweet, 
sticky liquid, forming droplets over 
foliage encourages fungal attack. 

AY : \ 


—— 


each day. 

The members of this new generation 
are all wingless but when they in turn 
reproduce by parthenogenesis a race of 
winged females emerge. They are 
capable of flying off and colonizing 
more territory. Bean plants are com- 
monly the new hosts but other possible 
plant hosts include dock, spinach, 
thistle, mangold and sugar-beet. 

Succeeding generations of females 
are produced by parthenogenesis on 
the new hosts though the number of 
winged forms varies in different 
generations. On an average between 
ten and twenty generations are pro- 
duced each summer. At the rate of 
ten young per generation, a single 
aphid can give rise to hundreds of 
millions of insects. Bad weather and 


By parthenogenesis, the number of aphids 
increases at a fantastic rate. One female 
produces about ten offspring. The process 1s 
repeated many times and plants may become 
completely covered with these little insects. 
The vast numbers are kept down by cold and 
wet weather or enemies such as the ladybird. 
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‘natural enemies keep the numbers 


down. 
Towards autumn male and female 


| individuals capable of sexual repro- 


duction are produced. The sex cells of 


these forms (eggs and sperm) come 
to have only halfa set of chromosomes. 
When the egg is fertilized the two types 
of cell combine giving a full comple- 
ment of chromosomes again. 

The males are winged and fly 
eventually back to the Spindle tree. 
Sexual females are not winged. They 
are produced by winged, non-sexual 
females which fly to the Spindle tree 
from neighbouring herbaceous hosts. 
Fertilized eggs are laid and in the 
spring the cycle begins again. The 
reason for the sudden production of 
sexual forms after a period of partheno- 
genic reproduction is uncertain. Light, 
food and temperature all seem im- 
portant. 
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INTRODUCTION to PHOTOGRAPHY 


FINDING the RANGE and EXPOSURE 


Measuring distance by pacing or witha 
tape is laborious and not always 
possible. 


ADJUSTABLE 
EYEPIECE MIRROR 


A simplified range-finder diagram. 
Light from the object goes straight to 
the eye through the left hand window 
and indirectly by reflection from the 
right hand one. 


NOT CORRECTLY 
ADJUSTED 


CORRECT DISTANCE 
INDICATED 


Frequently the two images are only 
half the whole and the two halves are 
made to coincide by turning the mirror. 


O make a good photograph two 
basic conditions must be fulfilled. 
An image must be sharply focused on 
the film and the right amount of light 
must be let in to affect the film. An 
experienced photographer can usually 
estimate the distance of an object 
accurately and often knows how much 
light to let into his camera under cer- 
tain conditions. To help the inex- 
perienced, a number of manufacturers 
produce range-finders and exposure- 
meters. 
Finding the Range 

In order that the image of an object 
can be sharply focused on the film its 
distance from the camera must be 
known. The appropriate setting of the 
lens can then be selected. The distance 
can be paced out or measured with a 
tape sometimes but this is not always 
possible— when photographing ani- 
mals for example. They cannot be 
expected to sit still while the photo- 
grapher potters around them with a 
measuring tape. Range-finders over- 
come this difficulty. 

A range-finder is a precision-made 
instrument with two ‘windows’ for 
incoming light. It measures the dis- 
tance of an object by measuring the 
angle between the light rays entering 
the two windows. The light is reflected 
via mirrors or prisms into the eye-piece 
of the range-finder so that there are 
two images. One mirror or prism can 
be turned to make the images coin- 
cide. The amount that it is turned is 
indicated on a scale which is cali- 
brated to give the distance of the 
object. Range-finders indicate dis- 
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tances up to thirty or forty feet. 
Beyond this distance the rays are 
virtually parallel and more distant 
objects all give the same reading. The 
camera setting for distant objects is 
infinity. (marked — «), 

The reading of the range-finder dial 
is set on the focusing ring of the 
camera if a separate range-finder is 
used. However, some of the more 
expensive cameras have coupled range 
finders. Here, the mirror or prism is 
moved round by moving the focusing 
ring of the camera lens. The system is 
arranged so that when the two images 
coincide the lens is accurately focused 
on the object. 

Poor focusing leads only to a blurred 
photograph and nothing can be done 
to improve this. Careful measurement 
should be carried out wherever pos- 
sible but if an accurate figure cannot 
be obtained for the distance, a small 
aperture should be set — say /8 or f11. 
A satisfactory photograph should 
result for the small aperture gives a 
large depth of field. The exposure 
time must be increased however to 
allow for the smaller aperture. 

What Exposure? 

The amount of light falling on the 
film can be controlled in two ways — 
by adjusting the size of the aperture 
and by altering the shutter speed. 
More light is required when the day is 
dull than when it is sunny although 
the actual amount of light required 
depends on the sensitivity of the film. 
A fast film needs less light to produce a 
good exposure than a slow film. 

All films are provided with instruc- 


When the meter is taken up close, the reading 
for the child is correct and a good picture will 
be obtained. 

tions for exposure but these can be no 
more than a rough guide. Instructions 
such as ‘on a bright sunny day use 


om th sec. at f11 on a dull day use — th 
2 


sec. at f8’ are all right for photograph- 
ing scenes on black-and-white film. 
Monochrome films have fairly wide 
latitude-— minor inaccuracies in ex- 
posure do not ruin the picture. How- 
ever, for subjects not in the open and 
especially when using colour films 
which have very little latitude, an 
exposure meter is very useful. 

The commonest form of exposure 
meter is the photo-electric cell. It 
contains the metal selenium which 
generates electricity when light falls 
on it. The amount of current is very 
small but measurable and it increases 
with the intensity of the light. Another 


is marked to indicate the required 
exposure in a photographer’s light 
meter. 

A cadmium sulphide meter works 
differently. Cadmium sulphide does 
not producea current but its resistance 
varies when light strikes it. A battery 
in the circuit provides a current of 
steady voltage. As light varies the 
resistance of the sulphide, the current 
varies (voltage = current X resistance) 
and a pointer indicates the required 
exposure. 


If the exposure meter is held a long way 
back, it receives light from the sun and 
surroundings. It will indicate lots of light 
and the important subject (the child) will be 
under-exposed on the photograph. 


form of meter is the cadmium sulphide 
meter but this requires a battery. The 
current makes a pointer move across a 
scale and the reading is then set on the 
calculating part of the meter. When 
this is done, the suitable combinations 
of aperture size and shutter speed are 
indicated. The combination used 
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reading suitable for one film may be 
hopelessly wrong for another. 

The above is a general outline of 
exposure meters—all of them have 
specific instructions which must be 
followed. Meter readings are based on 
the total light entering the instru- 
ment. This is fine for scenes or other 
subjects where there are no really 
harsh shadows or bright highlights 
but not for subjects full of contrast. In 
this case, the meter must be taken up- 
close to the most important part of the 
picture to get a correct reading for 
that part. 

Many cameras now have coupled 
exposure meters and these simplify things 
considerably. There are no figures to 
be read off and set on the calculator, 
one merely has to make two pointers 
coincide. One pointer is that of the 
photo-electric cell and the other is 
coupled to the aperture control. As 
the aperture is adjusted, the pointer 
moves and when it coincides with that 
of the sensitive cell, the exposure set- 
ting is correct. Depth of field and 
shutter speed can still be altered by 
adjusting aperture and shutter con- 
trols together. As with un-coupled 
meters, the film speed must be set 
first to get the correct exposure. 

Automatically controlled exposure 
meters go one better. The meter 
METER READING 
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CORRECT 
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A Weston exposure meter. The needle reading. is set on the disc against the arrow and the 


suitable exposures are then indicated (e.g. soll sec. atf2-8, ast at f4, etc.). 


depends on the shutter speed and 
depth of field required. A fast-moving 
object demands a fast shutter speed 
but a large depth of field requires a 
small aperture and therefore slower 
shutter speed. When using an ex- 
posure meter one must set the appro- 
priate film speed first because a 


detects the amount of light and auto- 
matically sets the aperture for the 
selected shutter speed. Some even set 
the shutter and aperture automatically 
so that only the focusing has to be 
done before taking the picture. The 
photographer does not have to worry 
about light at all. 
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Heating things in the Laboratory 


HE kitchen offers a variety of dif- 
ferent ways of heating things — 
baking in the oven, boiling, steaming 
and frying, to mention a few. Labora- 
tories are similar to kitchens in this 
respect. Like the cook, the chemist has 
to use a variety of different ‘cooking’ 
methods to get his chemical reactions 
to work. 

The Bunsen burner is the most 
common source of heat. If a small 
quantity of liquid needs warming or 
boiling, this can be done by putting it 
in a test tube and slowly moving it ina 
roaring Bunsen flame. Moving the 


tube around keeps the liquid stirred 
and prevents the liquid from rocketing 
out of the tube. As the top of the test 
tube tends to become rather hot, it is 
best to hold the tube with a test tube 
holder. 

Beakers of liquids are placed on tri- 
pods and gauze above the flame. The 
gauze helps to spread the heat evenly 
over the base of the beaker. The liquid 
can be stirred from time to time or a 
few pieces of porous pot can be added 
to prevent the liquid from making 
bumping noises and splashing out of 
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the vessel. 

This is fairly straight-forward and 
most liquids that have to be heated are 
heated this way. For some chemicals 
though, use of a direct flame can have 
distinct disadvantages. A direct flame 
will never produce an even heating. 
Different parts of the flame are at 
dissimilar temperatures. 

A water bath is a much more even 
form of heating. The test tube or flask 
can be surrounded by boiling water or 
water at any other specified tempera- 
ture. Keeping the temperature at 
100°C. presents no problems — just 


keep the water boiling. For lower 
temperatures, it is best to use a thermo- 
statically controlled bath. The water- 
heater switches itself off when the 
temperature is likely to rise too high 
and comes on again when the tem- 
perature has dropped too far. Thermo- 
static water baths can be used to keep 
bottles and jars at a constant tempera- 
ture for hours, days, or even weeks. 

A further advantage of using a water 
, bath is that the substance being heated 
* is isolated from the direct flame. Any- 
one who tries to heat a test tube of 


benzene or toluene by holding it in a 
direct flame stands a good chance of 
getting burnt or starting a fire. These 
liquids are extremely inflammable 
and should be kept well clear of open’ 
flames. Not only should they be heated 
on an electrically operated water bath, 
but the Bunsen burners roundabout 
should also be extinguished as the 
vapours of these substances are also 
likely to catch fire. This rule applies to 
many organic substances. 

Many laboratories have a steam 
pipeline leading to steam baths, which 
are just pans with lids made of metal 
rings. One or more rings can be re- 
moved, leaving a circular hole in the 
top, or more, leaving a larger hole. In 
a chemical laboratory, the main use of 
steam baths is in gravimetric analysis, 
analysis by weight. A metal which has 
been brought out of solution as an 
insoluble compound has to be filtered 
out, dried and weighed. Very often 
the crystals are small and are in 
danger of passing through the filter 
and being lost. Leaving the beaker to 
stand on a steam bath for several 
hours can help the crystals to grow in 
size. With the precipitate in a more 
granular condition the analytical 
results will probably be better. 

Unless it is put under pressure, 
water will only give temperatures up 
to 100°C. It would not make sense to 
use pressure vessels when there are 
liquids with higher boiling points than 
water. For temperatures of more than 
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100°C, the heating is done in an oil 
bath. The effect is that of a chip pan — 
even heating for temperatures well 
above 100°C. 

Oil baths are used for finding the 
melting points of many solids. A tiny 
sample of the solid in a capillary tube 
is gradually warmed in an oil bath. 
The temperature at which the solid 
suddenly collapses to a liquid is its 
melting point. 

Oil can be messy to use. In preparing 
many organic substances, the round 
bottomed flask is embedded in hot 
sand — a sand bath. There is the addi- 
tional advantage that the sand will 


Electrical heaters are used for inflammable 
liquids. To avoid a fire, any Bunsen 
burners nearby should be put out. 


absorb the liquid if the flask happens 
to crack. 

Like kitchens, most laboratories also 
have their ovens. Some can be regula- 
ted to fairly low temperatures for 
growing moulds and bacteria. There 
are ovens where the humidity and 
temperature can be regulated. Ovens 
like this can be made to imitate a 
particular climate and used to test 
how things will behave under these 
conditions. 

To dry out a wet precipitate, a dry 
oven will probably be set to just over 
100°C. It is common practice to use an 
oven to obtain completely dry chemi- 
cals without burning them. Burning 
has to be done at a higher temperature 
still in a muffle furnace. 

The drying ovens are largely used 
for completely driving off all the water 
from samples which are to be weighed 
as part of some analytical work. If any 
water is left behind, the analysis will 
give very poor results. It is no use 
raising the temperature too much 
because the samples may char and 
oxidize. This would be just as bad for 
the analysis. The wet substances are 
therefore left in the oven for as long as 
possible. It may be for several days, or 
at the minimum overnight. There is a 
special draught arrangement in the 
ovens to carry the water vapour away 
and prevent it from condensing again. 


With long drying periods, fairly 
large ovens are needed as there will be 
several samples at different stages of 
drying in the oven. Some will be in 
porcelain evaporating dishes; others 
in porcelain filters and others in glass 
filters. It is quite all right to put glass 
vessels in a thermostatically controlled 
drying oven. The temperature is not 
allowed to rise sufficiently to melt the 
glass. 

Glassware should never be used in a 
muffle furnace or any other furnace. 
As the temperature rises, the glass 
melts and drips and spreads itself over 
the lining of the furnace. The molten 
glass will ruin any future experiments 
if it is not removed and it is extremely 
difficult to remove. 

The actual heating space in a fur- 
nace is much smaller than in an oven 
because it is usual to burn samples one 
at a time. The samples are often 
wrapped in ash-free paper to prevent 
some of them from being wafted away 
as fumes. The paper protects the 
sample in the early stages of the 
charring, but leaves no unwanted ash 
once it has burned 


An oven used for drying sample 
out burning them. It can be 
100°C, 200°C and 300°C. (below) A 
muffle furnace in which samples can be 
burnt. 
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USES of 
ALLOYS 


& well as fixing the sizes and shapes 
of the various parts of a machine, 
the designer has also to decide from 
which material they are to be made. 
Some parts, such as the pistons of an 
internal combustion engine, have to 
withstand the effects of high tempera- 
tures, while other parts like the crank- 
shaft must stand up to the several 
different forces acting upon them. 
The designer’s choice will most likely 
fall on an alloy —a mixture of two or 
more metals — rather than on a pure 
metal. By alloying the metals in care- 
fully controlled proportions, it is often 
possible to produce a material that has 
better properties than any of the pure 
substances from which it was made. 
For instance brass is much harder and 
stronger than either of the two metals — 
copper and zinc — which it contains. 
Pure iron itself is extremely weak, 
but an enormous range of strong, iron- 
containing alloys are made on an in- 
dustrial scale. The simplest of these 
alloys (almost all are called steels) con- 
tains only iron and carbon. The pro- 
portion of carbon varies between 
0°05% in wrought tron to 4.°5% in cast 
iron. By careful choice of the ratio of 
carbon to iron, a steel can be made 
which is suitable for almost any pur- 


Experienced designers often use know-how 
gained in the past when choosing the 
material for making a part. However, in 
aircraft construction all parts are thoroughly 
tested before a design 1s approved. This prc- 
ture shows a Losenhausen Universal testing 
machine used for applying either steady, or 
fluctuating loads to a specimen. 


Simple Steels 


CARBON 

CONTENT 
ALLOY (PER CENT) 
Wrought Iron 0:05-0:15 
Mild Steel 0-1-0-25 
Medium Carbon Steel 0-25-06 
High Carbon Steel 0-6-1-2 
Very High Carbon Steel over |-2 
Cast Iron 1:7-4-5 
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PROPERTIES 
Ductile 

Strong 

Can be hardened 
Strong hard 
Extra hard 


Brittle, strong in 
compression 


TYPICAL USES 
Chains, bolts 
Girders, shafts 
Agricultural tools 
Cutting tools 
Drill bits 


Machine bodies, 
columns. 


pose. In addition to these alloys, a 
number of more complex steels are 
produced for special purposes. For 
instance tungsten steel, containing com- 
paratively small amounts of tungsten, 
chromium and carbon in the iron, is 
used for making the cutting edges of 
tools, particularly those which are 
operated at high speeds. 

There are three steps in deciding 
which metal or alloy should be used for 
making a particular part. First the 
designer notices the factors which are 
likely to cause failure in the part. He 
must ask himself: ‘Is it going to work 
at a high temperature, or at varying 
temperatures? What forces will be 
acting upon it ? Is it going to be subject 
to excessive wear, or to corrosive 
materials ?” 

When he has answered these ques- 
tions the designer has reached the 
second stage—he can deduce the 
properties required of the material. 
Perhaps it will have to retain its 
strength over a wide range of tempera- 
ture. Other parts need good resistance 
to wear. Then, once the designer 
knows what properties the material 
will need, he comes to the third stage 
and finds an alloy which is best suited 
to these requirements. 

The accompanying tables give de- 
tails of some of the more important 
alloys used in scientific instruments, 
and in engineering generally. The 
composition of some of the alloys 
described varies between quite wide 
limits and the figures quoted are 
average values only. 


WROUGHT IRON CHAIN AND BOLT 


MILD STEEL GIRDER 


( i MEDIUM CARBON STEEL BLADE 


TIN SHEARS - HIGH CARBON STEEL 


DRILL > > HIGH CARBON STEEL 


a 


_— 
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Complex Alloy Steels 


CARBON OTHER 
CONTENT SUBSTANCES TYPICAL CHROME- 
ALLOY (PER CENT) (PER CENT) PROPERTIES USES VANADIUM 


TEEL 
GEAR WHEEL 


Chrome-vanadium 0-3 Chromium 1-0; Wearand shock Axles, gears danke 
steel Vanadium 0-2 resistant BALANCE 
FOR WATCH 


Invar 0-2 Nickel 36-0 Very low co- Standards of 

efficient of length, accurate TEETH OF 

expansion instruments EXCAVATOR 

Manganese steel Manganese 12:0 Hard wearing, | Armour plate, ee 
ductile excavator buckets. tN 


Nickel steel : Nickel 3-0 Strong, hard, Gears, 
shock resistant forgings 


NICKEL STEEL 
GEAR WHEEL 


gee CHROME 
STEEL 
CRANKSHAFT 


SILICON STEEL 
TRANSFORMER 
AR 3 
SILICON- 
. : F MANGANESE 
Resists fatigue Springs, STEEL SPRING 


Manganese 0:6 bridges. 


Nickel-chrome , Nickel 3-0; Hard wearing, Gears, 
steel Chromium 1-0 ductile crankshafts 


Silicon steel : Silicon 2-0 Good electromag- Transformer 
netic properties cores 
Silicon-manganese 1. Sitodin 1 <8: 
steel 
. . . . STAINLESS 
Stainless steel . Chromium 18-0; Corrosion resist- Surgical instruments, STEEL 
Nickel 8-0 ant, strong chemical plant. ; 
Tungsten steel . Tungsten 14-0; Hard, even when High speed GB: 
Chromium 4:0 _ red hot cutting tools GPX: TOOL 


Common Non-Ferrous Alloys pt 
ASTING AND NUT 
TYPICAL 


CASTING 


COMPOSITION 
ALLOY (PER CENT) PROPERTIES USES BRONZE 


Brass Copper 60-0; Corrosion resistant Bearings, castings 


alee ao. 
COPPER-CONSTANTAN 


Bronze Copper 90-0; Corrosion resistant, Castings THERMOCOUPLE 


Tin 10-0 good for casting @a 
CUPRONICKEL 
Constantan Copper 55-0; Good electrical Thermocouples en 


Nickel 45-0 resistance, serves well 
when hot 


Cupronickel Copper 75-0; Ductile, corrosion ‘Silver’ coins, 
Nickel 25-0 resistant turbine blades DURALUMIN 
. : f AIRCRAFT PARTS 
Duralumin Aluminium 95:0; — Light in weight, strong Aircraft parts 
Copper 4:0; and corrosion resistant 
Plus magnesium, Pe ae 
manganese, iron Ps Ee TRIMS 
and silicon 


German silver Copper 50-0 Corrosion resistant Ornaments, 
Zinc 30-0; car trimmings BON RErAL 
; : CASTING 
Nickel 20-0 


Gun metal Copper 88-0; Resists corrosion Castings 


Tin 10-0; and wear PHOSPHOR 
Zinc 2-0 


Phosphor bronze Copper 88-0; Corrosion resistant, Bearing brushes, 
Tin 9-7; hard but softens worm wheels 
Zinc 2-0; when heated 
Phosphorus 0:3 


Solder Tin 50-0; Low melting point, _Joining pieces —_—_—™ a 
Lead 50-0 seals well of tin plate 


White metal Lead 64-0; Low melting point, Bearings 
Tin 20-0; low frictional SHELLS 
Antimony 15-0; resistance 
Copper | -0 


BRONZE 
BEARING 
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NE of the characteristics of all 
waves is that they can be made to 
interfere (i.e. two crests will add to- 
gether and a crest and a trough will 
cancel out). Single wavelength light 
waves such as yellow light waves from a 
single slit source pass through two 
slits and fall on a screen. If the light 
waves from each slit are in step (crest 
to crest), a bright region appears at 
that point. If they are out of step (crest 
to trough) a region of darkness results. 
At the centre of the screen the light 
waves have both travelled exactly the 
same distance from each slit, so they 
are in step. If the yellow light is of 
wavelength 5000 A (1A = 107* cm.) 
then on moving out on the screen from 
the centre a point is reached where the 
difference in the distances to each slit 
differs by 2500 A. At this. point crest 
meets trough and there is a dark fringe. 
Going out further, the difference to 
the slits = 5000 A and light from the 
two slits adds together to give a bright 
fringe. This is how an interference 
pattern is formed. Obviously the dis- 
tance between the fringes depends on 
the wavelength of the light. 

Auguste Fresnel (1788-1827), an 
early French experimenter in optics, 
explored interference effects mathe- 
matically some years after Thomas 
Young had demonstrated the wave 
nature of light. He devised a special 


FRESNEL'S BIPRISM 


LOOKING 
ALONG THE 
BEAMS THE 


| 
ii 


Path of the light rays in Fresnel’s biprism. 
A person looking back through the prism, 
will see two imaginary slits. 


AT THIS POINT ON THE SCREEN 
THE LIGHT WAVES HAVE 
TRAVELLED DIFFERENT 
DISTANCES FROM EACH SLIT 
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FRESNEL BIPRISM 
FRINGES ARE 

FORMED IN THE 
SAME WAY AS _ 
TWO-SLIT FRING 


WAVES ARE 

OUT OF STEP 
SO THIS IS A 
DARK FRINGE 


THE TWO-SLIT PATTERN 


Interference fringes are due to the adding 
or cancellation of light waves. 


THE FRINGES FROM FRESNEL'S 
BIPRISM ARE SIMILAR 
TO THOSE FROM TWO SLITS 


2 
: Fiore of twin prism called a biprism for 
a Eg 


producing interference effects from a 
single slit instead of two. This prism 
causes the light to appear to come from a 
double slit and produces a similar 
pattern to a double slit. One side of the 
biprism is flat and the other side is cut 
as two planes whose faces are not quite 
at 180° to each other. The light passing 
through the flat side meets the in- 
clined planes. These refract the two 
halves so that they fall on one another 
and interfere. If the line of the re- 
fracted beams is produced back, a 
person looking along these beams 
through the prism will ‘see’ two slits. 

The fringes produced by these two 
virtual slits are very sharp and either 
can be viewed on a screen or through 
an eyepiece. To measure the wave- 
length of the light the eyepiece is pro- 
vided with a micrometer screw so that 
it can be moved across the fringes and 
their distance apart determined. In an 
experiment with this prism, the wave- 
length of the light used is determined 
by measuring the width of a block of 
20 fringes, and calculating from this, 
the average width of one fringe. 


HEAT PHYSICS 


JOLY’S STEAM 
CALORIMETER 


HOUGH very small the specific heat of a gas (the 

number of calories required to raise 1 gm of the sub- 
stance through 1°C) like air is important not only to the 
pure scientist. It is also used by the ventilation engineer 
who wants to determine the amount of heat required to 
heat up the mass of the air in a room. Finding the specific 
heat by the method of mixtures — the ordinary method for 
solids —is not suitable for a substance such as a gas. A 
method using the latent heat of steam was evolved by 
J. Joly. 

Two identical copper globes are suspended from the 
arms of a balance. Any slight difference in their masses is 
compensated on one balance pan by the addition of a 
weight. After the two spheres are totally evacuated with 
a vacuum pump, one of the spheres is filled to high pressure 
with the gas whose specific heat is to be measured. The 
reason why the gas is at high pressure is that there must be a 
weighable quantity of it in the sphere. The mass of gas is 
weighed by adding extra weights to the other pan. 

The two globes suspended from the balance are enclosed 
in a vessel into which steam is admitted. The steam at 
100°C condenses on the globes to water at 100°C and its 


There are two specific heats of a gas Cv and Cp. Because heat 
energy 1s used up by the gas in pushing the piston out, Cp (the 
specific heat at constant pressure) is always greater than Cv (the 
specific heat at constant volume). 


4 CONSTANT 
APPLIED PRESSUR| 


WHEN THE TEMPERATURE 
GOES UP INCREASED 
PRESSURE MUST BE 
APPLIED HERE TO KEEP 
THE PISTON IN THE SAME 
PLACE 


PISTON MOVE! 
OUT 


T (TEMPER, 


ES FROM 
THE HEAT APPLIED 


SENSITIVE BALANCE 


INSULATED BOX ENCLOSING 
VESSEL PREVENTS UNDUE 
2 


Joly’s steam calorimeter for measuring Cv, the specific heat of 
a gas at constant volume. 


latent heat (the heat in calories required to raise 1 gm of 
water to steam without changing temperature) is used to 
heat up the globes and the gas. More steam condenses on 
the globes full of gas, and the difference in the amount of 
water condensed on the two globes is measured by adding 
weights to the other pan. Any water that drips from the 
globes is caught in pans attached to the bottom of each 
globe. Eventually the two globes and gas are heated to 
100°C and no more steam condenses. The extra mass of 
water condensed on the globe full of gas, has given its 
latent heat to raise the gas from room temperature, to 
100°C. A simple calculation gives the specific heat of the 
gas. 

There are two specific heats of a gas — the specific heat at 
constant volume Cv, and the specific heat at constant 
pressure Cp. If the gas, instead of being in a globe of 
constant volume, were contained in a sliding piston 
cylinder arrangement, the gas at a higher temperature 
would exert a greater pressure and push the piston out a 
certain distance. The energy for this expansion comes from 
the heat added, so Cp is always greater than Cy. Cv is 
determined by Joly’s method. The two different specific 
heats are of great importance when considering the 
internal structure of a gas. 
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BIOLOGY 


ARK covers the stems and branches 
of woody plants. In some species 
oak and elm for instance it appears 
rough and fissured. In others such as 
beech it is smooth and shiny, while in 
yet others it is scaly (larch and syca- 
more). So distinctive is the bark of 
different plants, that in winter, when 
leaves have fallen, it remains one of the 
most useful features for identifying 
trees. 

But the bark seen on the outside of a 
tree is not the whole of the structure. 
In fact it is the least important section, 
consisting amost entirely of dead 
tissues. There is an inner region of 
bark which is much paler coloured and 
contains cells which are still alive. 
The cells of this inner go to make the 
phloem—a tissue which is very im- 
portant indeed for conducting the 
fluid organic foods throughout the 
plant. Remove this layer from a tree 


Inner bark — the most important cells are 
steve tubes. They conduct food substances 
in solution. Unspecialized parenchyma cells 
and woody fibres are also present. 


SECTION OF 
INNER BARK 


INNER BARK — 
MOST FOOD CONDUCTION 


TAKES PLACE IN THE _— > 


INSIDE REGIONS asses 
OF THIS LAME RS 


FISSURED 
SURFACE 


OUTER BARK 4 
-MADE OF DEAD ¥ 
TISSUES DARKENED 
IN COLOUR BY 
DEPOSITS OF TANNIN 


CAMBIUM —~ 
INNER BARK 


CONDARY.™ 
OOD. yy} } 
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zed living cells (parenchyma’ 
so tough woody fibres which 
support. Most of the food-con- 
ction is carried out by cells in the 
innermost portion of the inside layer. 
As the phloem tissues are pushed 
further outwards by further growth, 


WOOD RAYS - STRIPS OF 
- LIVING PARENCHYMA CELLS 
INTHE SECONDARY WOOD. 
_ THEY 


POSITION OF 
CAMBIUM 


BARK CONSISTS OF 

TWO LAYERS - AN OUTSIDE 

DEAD LAYER COMPOSED MOSTLY 
OF WOODY FIBRES - AND AN INNER 
LAYER WHERE LIVING CELLS 
CONDUCT FOOD SUBSTANCES. 
SEPARATING BARK FROM THE INSIDE 
WOOD IS THE CAMBIUM 


Below, outer bark contains cork layers or 
periderms. Each periderm consists of a few 
layers of cork cells (the phellem) and a 
layer of dividing cells (cork cambium). 
The division of the cork cambium cells gives 
rise to the cork cells on the outside and often 
0 new parenchyma cells on the inside 
helloderm). 


FIBRES 


THICK-WALLED 


Ss they become crushed and the living 
PPORTING cells are destroyed. The dead tissues 
eventually go to make up the outer 
poet pune bark. 
AnENcHYwa = How new bark forms CORK 


\RENCHYMA EL . . . LAYER 
nLLS ey At the junction of the innermost (neem 


MH sieve TUBES surface of the bark and the wood in- 


ae 5 
a FIBRES 


and the plant will die. 

The characteristic cells of the 
phloem are the sieve tubes. They are 
elongated cells arranged end to end 
so that continuous pipes are formed 
passing up and down the plant’s stem. 
The walls (the steve plate) between suc- 
cessive cells are perforated so allowing 
the solutions of sugars, proteins and 
salts to flow through. 

In between the sieve tubes are simple 
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multiplication while the other be- 
comes adapted to another function. 
New cells on the inside of cambium 
increase the girth of the tree trunk — 
they form more wood. On the outside 
of the cambial layer, the new cells 
form more phloem. 

The phloem for ever pushes out- 
wards. Original phloem of the inner 
bark is turned into the dead tissues of 
the outer bark. The thickness of the 
inner bark is always about the same, 


A ° . o 0 ge OF INNER 
side, there is a thin layer of dividing cork cag BARK 
: (PHELLOGE, 
cells (the cambium). Each year the q 
cambium cells grow and divide. Of new i 4 
; PARENCHYMA ho : 
the two cells formed, one continues the cetts (PHELLODERM) "y Spee SECTION OF 
? OUTER BARK 


so old inner bark is turned into new 
outer bark at about the same rate as 
new inner bark forms at the cambium 
surface. 

The new outer bark tissue becomes 
completely cut off from the inner bark 
by special thin layers of cork (pert- 
derms). Periderms form from the 
parenchyma cells which though also 
subjected to crushing, remain alive 
considerably longer than the sieve 


Uses of Bark 


Cork from the Cork Oak of Mediter- 
ranean regions is a very important 
bark product. Usually cork layers are 
very thin in comparison with the rest 
of the bark. But in the Cork Oak, they 
grow to considerable thicknesses. The 
cork layers are stripped every 9 years 
or so and may be several inches thick. 

Tannins, another bark product, are 
used in the process of tanning leather. 
They are by-products of plant meta- 
bolism and may be deposited in a 
variety of places — not only the bark. 
For commercial extraction the bark of 
Oak, Hemlock, Birch and Willow are 
particularly important. 

From the bark of the South Ameri- 
can Chinchona comes the drug quinine, 
valuable in the prevention and cure of 
malaria. The spice cinnamon is also a 
bark product. It comes from the Cin- 
namon tree of South-East Asia. 


tubes. 

The cells which make up cork are 
tightly packed together. The cell walls 
are also reinforced (suberized) with 
fatty substances. Cork is consequently 
impermeable and forms watertight 
protective coats about the outside of 
the bark. 

The pattern of the cork layers varies 
with species of tree. Sometimes they 
are few and very extensive. Other 
times they are numerous and separate 
only a few square inches of outer bark. 
e.g. the plane tree. In comparison with 
the thickness of the outer bark, cork 
layers are usually insignificant. One 
exception, however, is the cork oak. 
The cork here may be several inches 
across while outer bark is very thin 
indeed. It is from the cork oak that 
cork for commercial use is taken. 


The outside layer of an expanding cylinder 
will be increasingly stretched. Tension will 
draw the original layer apart as illustrated. 


WINE CORKS 
ARE IMPERVIOUS 


THE LENTICELS RUN 
ACROSS THEM 


Cork is inpenetrable to fluid but inner living 
tissues must still receive air. Patches of 
loosely packed cells (lenticels) are formed 
in cork layers and allow gas to pass through. 
The loosely packed tissue has considerable 
bulk and the lenticels may break the plant 
surface. Lenticels are especially obvious o 
smooth bark surfaces (below, right). 


LENTICEL 


Why outer barks differ 

The addition of new (secondary) wood 
to the stem of the tree together with 
the formation of new inner bark slowly 
increases the girth of a tree trunk. The 
new inner bark tissues are, of course, 
not subjected to strain. At the time of 
formation they completely cover the 
surface area of the tree at its particular 
stage of development. 

Old inner bark is, however, put 
under strain. Its tissues are called upon 
to spread over a greater circumference 
than they originally covered. The 
problem is partially solved by a 


The inner layer of the bark is still alive 
and can form expansion tissue to fill in the 
gaps. Outer bark is dead. It cannot renew 
growth and so will tend to fissure. 


FISSURING 


G 
TO EXPANSION 


NEW 
EXPANSION 
TISSUE 
FORMS IN 

R BARK 


stretching of the cells. But this is not 
enough. New expansion tissue forms by 
division of the parenchyma cells. 

No such expansion of tissues can go 
on in the outer bark. All the cells are 
dead. Under the strain the outer bark 
tissues split apart giving the gnarled 
fissured surface familiar in so many 
trees. 

Yet beech for instance is quite 
smooth. Why should this be? The 
answer is that the outer bark of 
beeches is very thin, as the growth rate 
of bark is very slow. The old outer 
surface of bark breaks down into pow- 
der and disappears quite unnoticed. 

In comparison, the bark of the oak 
grows at least four times the rate of 
beech. The production of phloem by 
the cambium layer takes place at a 
much faster rate. Numerous cork 
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SILVER BIRCH CHERRY 


LIKE THE SILVER 

BIRCH, LENTICELS 

ARE HORIZONTAL, BUT THEY 
MUCH MORE ELONGATED 


TRANSITION 

FROM SMOOTH BARK 

SHOWING LENTICELS, 

TO RUGGED BARK, 

OBSCURING THEM 
Below, fissured and smooth surfaces reflect 
the amount of growth in the bark. Beech is 
smooth, since unlike oak, the bark forms 
slowly; no great thickness of outer bark 


accumulates ; no fissuring occurs. 


ARE 


layers form, each cutting off sections 
of outer bark. The amount of dead 
tissue is considerable. Some flaking off 
at the surface of outermost bark does 
occur, but the rate is not fast enough 
to remove all the accumulated dead 
tissues. The thick outer bark is par- 
ticularly subjected to strain and so 
fissuring occurs and a rough surface 
produced. 
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NORMAL 


SOLUTIONS#s 


ERMS like dilute, strong or saturated 
are often used to indicate the 
approximate strength of solutions. 
However, these vague terms are not 
always acceptable. When a chemical 
compound is manufactured, the quan- 
tities of the reactants need to be 
measured out quite accurately for this 
is no chance process. Exactly the right 
quantities must be mixed so that 
everything is used up and neither of 
the original substances remains in 
solution. 

Whereas a solid can be weighed, it is 
not sufficient to know the volume of a 
solution. The strength of the solution 
— the amount of dissolved substance — 


Preparing a Standard Solution 


Any solution whose strength is 
accurately known is said to be a 
standard solution. It can be used to find 
the strength of other solutions with 
which it reacts. Volumetric analysis 
is generally carried out with deci- 
normal (0-1 N)solutions, The first 
stage in making a standard solution is 
to work out the gram equivalent 
weight of the substance. To do this 
the gram molecular weight is found by 
adding up the atomic weights of the 
various atoms in the molecule. The 
reactions in which the substance takes 
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Solutions of reagents in regular use in laboratories are usually prepared s 


0 they are approxt- 


mately 2N. As some substances (e.g. barium chloride) are not sufficiently soluble some 


solutions are only 0°5N. 


must be known too. Although it is ‘an 
easy matter to make up a solution so 
that one litre contains a certain weight 
of solid, this is not the best way to 


part will indicate the relationship 
between the gram equivalent weight 
and the gram molecular weight. 

If a decinormal solution is to be 
made, one tenth of the gram equi- 
valent of the substance is weighed out 
into a tared weighing bottle. A clean 
one-litre measuring flask is then partly 
filled with distilled water. The crystals 
of the substance are then carefully 
transferred to the flask (without losing 
any on the way). The flask is then 
shaken to dissolve the crystals which 
should be fairly small in size. When 
they have all dissolved, more distilled 


express the solution’s strength. 

When hydrochloric acid is added to 
a solution of potassium hydroxide 
(caustic potash), a molecule of each 
substance reacts to form a single mole- 
cule of potassium chloride. Since a 
molecule of hydrogen chloride (36 °5 
units) is lighter than one of potassium 
hydroxide (56 -o units) it follows that a 
greater mass of potassium hydroxide 
must be used if the maximum quantity 
of potassium chloride is to be made. 
This can be achieved by using a larger 
volume of potassium hydroxide assum- 
ing the strength of the two solutions (in 


water is added until the liquid level 
corresponds with the one mark etched 
in the neck of the flask. 

It is not possible to make up standard 
solutions of all substances in this way. 
For instance, concentrated sulphuric 
acid almost certainly contains some 
water, while pellets of sodium hydrox- 
ide actually absorb water while they 
are being weighed. So to obtain 
standard solutions of these substances, 
solutions of about the correct strength 
are prepared. The exact strength is 
then found by titrating with a solution 


F : 
whose strength is accurately known. 


gm/litre) is the same. 

A more satisfactory arrangement is 
to make up the two solutions so that 
they have the same number of mole- 
cules in them. Thus neither of these 
substances would be left over if equal 
volumes of the two solutions were 
mixed. 

Solutions like these, which contain 
one gram equivalent of the substance in a 
litre of solution are said to be normal. 
And if equal volumes of an approp- 
riate pair of normal solutions are 
mixed together both substances will be 
used up and there will be none of 


POTASSIUM 
HY, XIDE 


It is not always convenient, indeed 


it may not be possible, because of low 


solubilities, to prepare normal solu- 
tions. Volumetric analysis is often 
carried out with solutions which are 
only one tenth as strong. These solu- 
tions are said to be decinormal, or 


more frequently 0-1 N or N. 


Provided there is a way of showing 
when the reaction in a solution is com- 
plete i.e. when equivalent masses of 
the two substances have been mixed, 
it does not matter if the volumes of 
solution taken are the same. Thus 


Before the gram equivalent weight of a substance can be found, it is necessary to know 
how it reacts with other materials. This equation shows that two molecules of potassium 
hydroxide react with one of sulphuric acid. The equivalent weight of sulphuric acid is 


half its molecular weight. . 


either left over. This is one of the 
fundamental ideas behind an impor- 
tant system of quantitative analysis 
known as volumetric analysis. 

One molecule of potassium hydrox- 
ide reacts with one molecule of hydro- 
chloric acid, and the normal solutions 
of these substances contain one gram 
molecule of each. However, not all 
reactions are as simple as that. For 
instance two molecules of potassium 
hydroxide are neutralized by a single 
molecule of sulphuric acid. So a litre 
of solution containing half a gram 
molecule of sulphuric acid (49-0 gm) 
will react completely with a litre of 
solution containing one gram mole- 
cule of potassium hydroxide (56-0 
gm). 

It is because 49-0 gm of sulphuric 
acid reacts with the same amount of 
potassium hydroxide as 36-5 gm of 
hydrochloric acid that the two weights 
(the weights of the acids which go into 
a litre of normal solution) are said to 
be equivalent weights. The gram equi- 
valent weight of a substance is either 
equal to its gram molecular weight, or 


itis a simple fraction (* ; ofit. 
23 


100 ml of potassium hydroxide solu- 
tion containing 5°60 gm/litre (i.e. a 
ot N solution) can be neutralized 
equally well by 10 ml of normal solu- 
tion. 

The usual way of detecting the 


In volumetric analysis the strength of one 
solution is found by titrating tt against 
another whose strength is accurately known. 


completion of a reaction in ordinary 
volumetric analysis is to use an indi- 
cator whose colour changes when all of 
one substance has been used. In the 
measurement of the strength of an 
alkaline solution a few drops of the 
indicator (e.g. phenolphthalein) is put 
in the alkaline solution and, because 
the solution is alkaline, the phenol- 
phthalein is pink in colour. However, 
as soon as all the alkali has been used 
up by the addition of acid, and there is 
the very slightest excess of acid, the 
solution loses its colour. 

If one of the solutions being used in 
the titration has a strong colour, it may 
not be necessary to add an indicator 
since the presence of an excess of the 
coloured substance in the reaction 
solution is a certain indication that the 
end point (the condition when equi- 
valent quantities of the two solutions 
have been added) has been passed. 
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SCIENTIFIC INSTRUMENTS 


MEASURING FLASH 


POINT 


[LiQuip fuels, particularly petrol, 
are highly inflammable and if 
the risk of fire and explosion is to be 
reduced to the absolute minimum, 
special care has to be taken in handling 
and storing them. In Britain, custo- 
mers at petrol filling stations are 
obliged by law to turn off the engines 
of their vehicles and must not smoke 
while fuel tanks are being refilled. A 
spark may be sufficient to set petrol- 
eum vapour alight. 
The lowest temperature at which a 


has a flash point of 110°F (43 °5°C), 
the figure for gas oil for diesel engines 
is 168°F (75°5°C), while the flash 
point of medium fuel oil used for 
domestic heating is 200°F (93°C). In 
contrast, the flash points of both 
automobile and aviation gasoline are 
== 40°F (— 
this low figure that special care must 
be taken when handling these fuels. 
There is an ever present danger of 
their taking light. 

Although there are several different 
patterns of apparatus used for measur- 
ing flash point, their designs have 
much in common. The main differ- 
ences arise because each has been 
designed for carrying out determina- 
tions in a particular range of tempera- 
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The Abel ies used for measuring 
flash points below 120°F (50°C). The 
stirrer is used only for determinations carried 
out at temperatures which are so low that the 


SPIRIT & 
stove 


fuel will give off sufficientS%apour to 
produce a momentary flash in the 
presence of a small flame is called the 
flash point. As this temperature is an 
important factor in determining the 
conditions for storing fuel safely, there 
are regulations governing the mini- 
mum permitted flash points for certain 
petroleum products. 

For instance tractor vaporizing oil 
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tures, and different methods aré 
for raising the temperature of the 
sample under test to its flash point. 
The essential features of each ap- 
paratus include a centrally placed bath 
or cup to contain the sample, a means of 
raising its temperature at a uniform, 
steady rate and a small flame to ignite 


becomes very viscous. 


STIRRER USED FOR 


TEST FLAME 


LOW TEMPERATURE 
MEASUREMENTS ONLY 


(SOMETIMES 
CONTAINS WATER 


WATER BATH 


the vapour at the flash point. A 
thermometer is provided to measure 
the temperature of the sample. If the 
flash point of the fuel in an enclosed 
space is to be measured, the apparatus 
is fitted with a lid in which there is a 
small opening to admit the small test 
flame. The ‘closed’ flash point is a 
lower temperature than the same fuel’s 
‘open’ flash point and indicates the 
danger in storage tanks. 

The Abel Apparatus 

This apparatus is used for testing 
samples having flash points below 
120°F (50°C). It consists of a small oil 
cup which is supported in the middle 
of a larger enclosed water bath. There 
is an air gap between the water bath 
and the oil cup. The cup is provided 
with a close fitting lid; this lid in- 
corporates a thermometer holder and 
also a slide which controls the ventila- 
tion holes in the lid. The test flame is 
located above one of these ventilation 
holes, so that it is only when the holes 
are uncovered that the test flame has 
any chance of igniting the vapour. 

If the flash point of the sample is 
thought to be below room tempera- 
ture, the sample must be cooled to a 
temperature at least 30° (on the 
Fahrenheit scale) below the expected 
flash point. At the same time the 
temperature of the apparatus itself 
has to be lowered until it is at least 16° 
below the expected flash point. To do 
this the water bath is filled with a 
chilled mixture of equal parts of 
ethylene glycol and water. 

Once the apparatus is cooled suffici- 
ently, the requisite amount of sample 
is poured into the oil cup. The test 
flame is then lit and its size adjusted 
until it is the same as the white ivory 
bead mounted on the cover of the cup. 

The outer bath is then warmed 
gently. The aim is to raise the tempera- 
ture of the oil by not more than three 
Fahrenheit degrees in each minute. 
After each 1° rise in temperature, the 
test flame is applied to the oil in the cup 
by opening the slide in the cover while 
counting up to three and then closing 
it on the fourth count. This is repeated 
until the application of the test flame 
results in a sudden flash of flame across 
the interior of the cup. 

A similar procedure to this is 
followed for measurements of flash 


point in the range 66°F to 120°F using 
this apparatus. The only differences 
are that the sample does not have to be 
cooled, and that for determinations in 
the range 66°F to 90°F the sample is 
warmed by having water at 130°F in 
the water bath. No heat is applied to 
the bath during the test. 
The Pensky-Martens Apparatus 
This apparatus is designed for 
measuring flash points above 120°F 
(50°C). The centrally mounted oil cup 
is surrounded by an air bath the out- 
side walls of which may be heated 
electrically or by a bunsen burner. The 
lid of the oil cup incorporates a 
thermometer clamp, the burner for 
the test flame and a shutter which can 
be rotated over the top of the lid and 
which can cover or expose openings in 
the lid. A stirrer also passes through the 
lid. 
After 


the apparatus has _ been 


cleaned and dried, it is assembled and 
the oil cup is filled up to the correct 
level. The cup is then set to warm and 
the rate of heating adjusted so that the 
temperature rises by about 10° (on the 
Fahrenheit scale) each minute. The 
sample in the cup is stirred constantly. 

The test flame of this apparatus is 
automatically directed downwards 
into the oil cup when the shutter is 
rotated to expose the holes in the lid of 
the cup. The test flame is applied for 


each increase of 2° (for temperatures 
below 220°F (105°C) ), and for each 
5° rise (above that level) until there is a 
distinct flash across the inside of the 
cup. 

After the flash point of the fuel in 
the closed Pensky-Martens apparatus 
has been measured, the cover of the oil 
cup may be replaced by a clip to 
support the thermometer and _ test 
flame. Another flash point (at a higher 


GAS HEATER 


Flash points higher than 120°F are found 
using the Pensky-Martens Apparatus shown 
here. This apparatus can be used with or 
without a lid for determining both ‘closed 
and ‘open’ flash points. 


temperature) can then be found for 
the fuel in the open. The ‘open’ flash 
point is higher because the small 
quantities of vapour given off by the 
fuel are quickly dispersed into the sur- 
rounding air, and it is not until the 
temperature is higher that sufficient 
vapour is liberated in the open con- 
tainer for it to flash. 

Since the amount of vapour set free 
depends upon vapour pressure, it 
follows that atmospheric pressure has 
some effect on flash point. It is, there- 
fore, customary to apply a small cor- 
rection for variations in pressure. Flash 
points are usually quoted at standard 
atmospheric pressure (760 mm. mer- 
cury). 
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SELF-RELIANT BACTERIA 
-A CAUSE OF CORROSION 


DEPRIVED of its food an animal 
will die. Without nourishment 
no growth can take place in the animal 
nor is there a supply of energy to per- 
form the living functions of the body. 
Green plants, in contrast, do not 
have to eat. They make their own 
food, building up (synthesizing) com- 
plex sugars, fats and proteins from 
simple chemical compounds such as 
carbon dioxide, nitrates and water. 
Nevertheless to do this they need 
energy from the Sun. When they are 
kept in the dark no building up of 
food takes place. 

There are a few kinds of bacteria, 
however, which rely neither upon sup- 
plies of ready-made food nor upon the 
energy of sunlight. These organisms 
are said to be autotrophic or self-reliant. 
Like green plants they build up foods 
from simple compounds but the energy 
needed to do this is obtained from 
chemical reactions. A number of 
chemicals are known to be used for 
this purpose — sulphur and iron com- 
pounds for instance, ammonia and 
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various salts of nitrogen. 

Each type of autotrophic bacteria 
uses its own particular chemical. The 
chemical is absorbed into the living 
cell and is there converted into 
another compound. The conversion is 
accompanied by the release of a 
quantity of energy — just as coal (car- 
bon) releases energy when it is turned 
into carbon dioxide. The energy pro- 
vides the bacteria with the means of 
building food for itself and hence 
enables it to live. 

When light energy is used to build 
up food, the process is called photosyn- 
thesis; when energy is obtained from 
chemical reactions the process is called 
chemosynthesis. 

The autotrophic bacteria are in- 
visible to the naked eye yet the effects 
of some of their activities are very 
spectacular. For instance they partly 
account for why plant and animal life 
is so plentiful. There is only a limited 
amount of chemicals to build up new 
life and so, when organisms die, it is 
important that the ingredients of the 
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dead tissues are quickly returned to 
the soil. A number of autotrophic bac- 
teria in the soil help to do this, in 
particular those which utilize nitro- 
gen compounds. One kind, Nitroso- 
monas obtains energy by oxidizing 
ammonium compounds in the soil into 
nitrite salts. These nitrites are then 
oxidized by another kind, Nitrobacter, 
into nitrates. Nitrates are essential 
salts for ordinary plants and they are 
quickly absorbed. The autotrophic 
bacteria contribute to what is called 
the nitrogen cycle. 

Other types of autotrophic bacteria 
act upon sulphur compounds. These 
organisms may also be useful to 
plants. Sulphur compounds in decay- 
ing organic matter are converted to 
sulphates salts necessary for plant 
growth. But their activities are also a 
nuisance. They cause an enormous 
amount of metal corrosion and even 
may cause concrete to decay. 
Corrosive Bacteria 

Bacteria which use sulphur and 
sulphur compounds for energy sup- 
plies are of two kinds. They either 
need oxygen in order to live (aerobic 
bacteria) or they do without it (anaerobic 
bacteria). 

Types which require oxygen obtain 


Ca (NO,) , + O, —>Ca(NO,), + ENERGY 


CALCIUM 
NITRATE 


their energy by oxidizing elementary 
sulphur or hydrogen sulphide into 
sulphuric acid. These organisms are 
able to tolerate the strongly acidic 
conditions created by their activity. 
They can withstand concentrations as 
high as 10%. Though the acid does 
not affect the organisms it has a drastic 
effect on many metals — on the outside 
of steel gas pipes for instance, and 
cast-iron water mains in the soil. Even 
the surfaces of concrete installations 
inside sewers are weakened and begin 
to disintegrate. 

The anaerobic bacteria are sulphate- 
reducing — they break down sulphates 
into sulphides and elementary sulphur. 
They live in all types of soils and also 


stagnant waters. The foul-smelling . 


waters of the Black Sea, the Caspian 
Sea and many polluted rivers and 
canals is due to their activities. Some 
forms have a special enzyme (hydro- 
genase) which will utilize elementary 
hydrogen. The hydrogen is used to 
reduce the sulphates. 

The anaerobic bacteria, unlike the 
aerobic bacteria, are not directly res- 
ponsible for metal corrosion. But by 
assisting the process they are probably 
even more destructive. 

Metal corrosion is often initiated by 
the formation of a series of minute 
electric cells. Slight impurities in the 
metal surface are quite sufficient for 
this to take place. A slightly more 
positive region becomes the anode 
while some other part of the surface 
becomes the negative cathode. The 
surrounding water containing dissol- 
ved salts acts as the electrolyte or con- 
ducting medium. The metal goes into 
solution at the anode while the elec- 
trons they release are received at the 
cathode. The electrons are here taken 
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Metal corrosion occurs when an electric cell forms on the metal surface. Iron, for 
instance, goes into solution at the anode, releasing electrons. The electrons move to 
the cathode, and convert ionic hydrogen in water to molecular hydrogen. Normally, 
the layer of hydrogen prevents further activity and no more iron dissolves. But 
bacteria use the hydrogen for reducing sulphates; the layer is lost and corrosion occurs. 
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up by ionic hydrogen in the solution 
and molecular hydrogen is formed. 
Normally a film of hydrogen mole- 
cules soon covers the cathode and so 
prevents further electrical activity 
from taking place. This is similar to 
the polarisation that can take place in 
any electric cell. Certain types of bac- 
teria, however, are capable of using 
the hydrogen, break the film, and so 
corrosion is fast as ever. 

At the anode, as the activity in- 
creases, the iron in solution combines 
with hydrogen sulphide. A deposit of 
iron sulphide forms which may be to 
some extent protective. But further 
bacterial activity seems to dislodge the 
coating in some way and the fresh 
metal is exposed again. 

Protection Against Corrosion 

One protection against the bacteria 
producing sulphuric acid is to prevent 
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supplies of ‘raw material’ — hydrogen 
sulphide and sulphur — from reaching 
them. In sewer pipes, for instance, if 
the sewage is well aerated, hydrogen 
sulphide will not form. The activities 
of the aerobic bacteria is thus restric- 
ted. 

The anaerobic bacteria can be in- 
hibited in closed water systems by 
constant cleaning to prevent stagnant 
conditions. So long as there is plenty of 
oxygen in the water the anaerobic 
chemical processes cannot take place. 
Similarly, when laying pipes, good 
drainage underneath the pipes is im- 
portant. This prevents water from 
standing for long periods and becom- 
ing stagnant. 

Alternatively the outside of pipes 
can be protected with inert or resistive 
substances — bitumen, fibre-glass and 
asbestos. 
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DYNAMICS 


EXPERIMENTAL 


ERRORS 


HE only weights and measures 
which can ever be called exact are 
the standard weights and measures, 
kept in special rooms under carefully 
controlled conditions of temperature 
and pressure. No measurement in an 
experiment is likely to be exact. An 
accurate measurement will be close to 
the exact measurement but there is 
bound to be a certain margin of error. 
With a good metre rule, it is possible 
to measure lengths to the nearest milli- 
metre. A length measured as 97°5 
centimetres with a metre rule is better 
written as 97°5 cm. + 0°05 cm. ( + 
means plus or minus). The exact 
length lies between 97°45 cm. and 
97°55 cm. There is a difference of 0-1 
cm. (one millimetre) between the two 
extreme values. 

There are, of course, more accurate 
ways of measuring lengths. A measur- 
ing scale with a vernier attachment re- 
duces the error by at least ten times. 
The error with a vernier could be less 
than a tenth of a millimetre. 

In any experiment, there are likely 
to be several different kinds of measure- 
ment. Each has its own margin of 
error. A simple experiment in physics 
involves finding ‘g’, the acceleration 
due to the Earth’s gravity. A simple or 
compound pendulum can be used for 
this. The period or the time taken for 
one complete swing of the pendulum 
depends on ‘g’. A simple pendulum is 
a heavy bob of lead suspended by a 


long piece of light fibre or string. 

The theoretical formula linking the 
length of the fibre, the period and ‘g’ 
for a simple pendulum is T (time 


we 
period) = 27 / l Some minor correc- 


tions to the formula may be necessary 
to account for the fact that all the mass 
of the bob is not concentrated at a 
single point (an assumption in working 
out the formula from first principles) 
and for the mass of the suspending 
fibre (also neglected in the formula). 
But these corrections will probably be 
very small and easily calculated. 

The real error in the experiment is 
introduced by measuring the time of 
the swings and the length from the 
point of suspension of the fibre to the 
centre of the bob. This is the length ‘I 
in the formula. Where is the centre of 
the bob? The diameter of the bob in 
several directions is measured with a 
micrometer screw gauge or a pair of 
callipers, and the average result is 
taken. Taking several readings and 
finding their average is the usual 
method of reducing experimental 
error. 

The radius of the bob is found from 
its diameter. To the radius must be 
added the length from the top of the 
bob to the point of suspension. The 
sum is then the length ‘l’. The only 
way of doing this in most laboratories 
is with a metre rule. This is tricky to 
do accurately, because the pendulum 
is free to swing about. 

Making exactly the same measure- 
ment with a metre rule again and 
again is not a very good way of reduc- 
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ing the error, because the same in- 
accuracies can creep into all the 
measurements. It is a better idea in 
this particular experiment to repeat 
the timing of the swings with different 
lengths of pendulum. Then two 
measured quantities will vary — the 
length and the time of the swing. A 
graph of these can be plotted, and ‘g’ 
worked out from it. 

Graphs are used to pin-point experi- 
mental errors, and perhaps reduce 
them. A point on the graph which is 
wildly different from the others is un- 
likely to be a freak caused by a sudden 
change in the Earth’s gravity. It is 
more probably a ruler scale read back 
to front, the stop watch not pressed at 
the right moment, or a mistake in 
arithmetic. 

There is not much point in timing 
only one of the pendulum’s swings. 
The pendulum is set swinging steadily, 


f a formula is involved, it is wise to check 
hat the conditions in the experiment are 
he conditions specified in deriving the 


ormula T = pe S| 
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SHOULD BE 
SMALL 


LONG STRING 


The string should be long, light and inex- 
tensible. The bob should be heavy and 
small, and the oscillations of small angle. 


with no bumps or jerks, keeping to the 
same plane. Once it is swinging 
steadily, at least twenty complete 
swings, to-and-fro, are timed. This 
must be repeated again, because it is 
easy to miscount the swings and time 
nineteen or twenty-one instead of 
twenty. 

The error per swing in timing 
twenty swings is about a twentieth of 
the error in timing only one swing. 
Most of the error arises in starting and 
stopping the watch —judging when 
one swing is complete and pressing the 
stopwatch at the right instant. The 
stopwatch itself must be checked if the 
experiment is to be done fairly ac- 
curately. It may not run at an even 
speed. The stopwatch can be checked 
against the telephone time signals or 
the ‘pips’ on the radio. 

There is no point in timing hundreds 
of pendulum swings if the stopwatch is 
inaccurate. Even if the stopwatch is 
calibrated properly, there is no point 
in timing hundreds of swings, because 
the error involved in this part of the 
experiment is probably much less than 
the error in measuring the length of 
the pendulum. It is a waste of time 
getting one measurement accurate to 
four decimal places when the other 
measurement can be taken to only one 
decimal place. 


Most of the error in timing comes through 
starting and stopping the watch. 


Timing errors can be reduced by timing at 
least 20 complete swings. Then it is wise to 
recheck, to make sure that the right number 
of swings has been counted. 


In this experiment ‘I’ on the vertical 
‘y axis of the graph is plotted against 
T® along the ‘x’ axis. The graph 
should be a straight line, and the 
gradient (slope) of the straight line, 
multiplied by 47, is ‘g’. The errors 
are marked in on the graph, and a 
good way of estimating the error over 
the whole experiment is to draw the 
steepest and gentlest slopes through all 
the points. This will give the range of 
possible values for ‘g’. 

‘g’ varies from place to place over 
the Earth’s surface, but it will prob- 


READINGS 
IN DIFFERENT 
DIRECTIONS 


The diameter of the bobis measured to 
find the centre of gravity of the bob. 
It should be done a few ways, to check 
that the bob is spherical. 


ably be about 981 cm\sec.\sec. If 
there is a 1% error in the experiment, 
this would be written as 981\cm\\sec. 

sec. + 10 cm\sec\sec. 10 is roughly 


1% of 981. The actual value of ‘g’ as 


determined by the experiment lies 
between 971 and ggi. So it is very 
bad practice to calculate from the 
gradient of the graph a value of 


981 +134. Six figures should not be 
quoted when not even the first two are 
known accurately. It is just as wrong 
to write 981-000 if the calculation 
comes out to 981. 


Finding the length of the pendulum is the trickiest of the measurements. One way of reducing 
the error in the measurement of ‘g’ is to repeat the experiment with pendulums of differing 
length. Then the results are plotted on a graph, and ‘g’ is calculated from the gradient. 
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ATOMIC PHYSICS 


SPINNING 
ELECTRONS 
SPLIT 
LINES 


WHENEVER light is given out by a 

substance, it means that the 
atoms or molecules of the substance 
are throwing out energy. The atom 
throws out light waves when it is 
energized just as a bell throws out 
sound energy when it is struck by a 
hammer. The wavelength of the light 
is always the same for a particular 
atom, in the same way as the note of 
the bell is always the same. 

This is because the light is given out 
when the electrons, all arranged in 
fixed orbits, are ‘kicked’ from one 
orbit to another. When they return to 
their original orbits they give out the 
light. 

An electrical discharge is passed 
through a tube containing atoms of a 
gas or vapour like sodium or hydrogen. 
The atoms are excited by the fast- 
moving electrons in the discharge and 
give out light. Sodium and hydrogen 
atoms have one thing in common — 
they both have only one electron in 
their outer orbits. It is normally only 
the electrons of atoms in the outer 
orbit that are excited and pass out into 
orbits even further out from the 
nucleus. These electrons then return 
to the original orbit, throwing out 
light waves as they do so. There are a 
number of different orbits that excited 
electrons can pass to, and for each of 
these, light ofa different wavelength is 
given out. If the light is passed 
through a spectroscope, the light of 
each of these different transitions gives 
rise to a dine in the spectrum. In a mass 
of gas the mixture of different transi- 
tions, some from one group of atoms 
and some from another give rise to a 
series of lines, spread across the spec- 
trum. 

Each line represents an energy 
change, the difference in energy of the 
electrons in the original and tem- 
porary orbits. But the energy of the 
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HAND MOVES IN THIS 
DIRECTION AS BALL IS 


A ball thrown forward with forward spin 
has more energy than a ball with backspin. 
When it bounces, it moves forward 
quicker. 


HAND MOVES ? THIS DIRECTION 


TO GIVE BALL BACK SPIN 


The ball, given backspin, does not move 


forward so quickly. 


electron can be slightly changed by a 
number of factors, apart from the 
energies in the different orbits. One of 
these is electron spin. While in orbit, the 
electron spins on its own axis, rather 
like a top. The energy due to the spin 
of the electron makes a contribution to 
the total energy of the electron. 

Now there are two possible direc- 
tions that a top or an electron can 
spin, clockwise or anticlockwise. When 
an electron spinning in one direction 
passes from one orbit to another it 
means that the atom must have 
received a certain amount of energy. 
If the electron is spinning in the oppo- 
site direction, the amount of energy is 
slightly different. As a result, the 
wavelength of light given out in the 
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two different atoms is very slightly 
different, when the electron returns to 
its original orbit. 

This gives rise to twin lines in the 
spectrum of atoms like sodium and 
hydrogen. These doublets can be seen 
as two finely separated lines. When the 
wavelengths of the lines are worked 
out from the photographs, it is found 
that the differences between the twins 
is very small. For example the well- 
known sodium twins are of wavelength 
5890A and 5896A, a difference of 6A 

The doublet lines in the spectrum of 
hydrogen are even closer together — 
separated by only 1° 59A. Spectro- 


scopes with high resolving power are 
used to obtain lines like these, clearly 
separated. 
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ELEPHANTS of PAST 
and PRESENT 


HE first elephants to walk the 
Earth lived in Eocene times some 

sixty million years ago. The earliest 
known fossils — discovered in Egypt — 
are of a creature called Moeritherium. 
In general appearance this creature 
was nothing like a modern elephant. 
It was only about two feet high and 
had no trunk. However, the structure 
of the skull and the form of the teeth 
show that it was a very primitive kind 
of elephant. From ancestors similar to 
this, arose the whole range of living 
and extinct elephants—a total of 
about three hundred and fifty species. 

Moeritherium continued into the 
Oligocene period when two more 
primitive elephants were alive — also 
in Egypt. These two were Phiomia and 
Palaeomastodon. All three probably had 
a common ancestor through which 
they evolved from the early placental 
mammals. Phiomia and Palaeomastodon 
were considerably larger than Moeri- 
therium and some later ones were truly 
elephant-like. Tusks had developed in 
both jaws and there was probably a 
developing trunk. The lower jaw was 
long — especially in Phiomia. 

By the beginning of Miocene times 
(about twenty-five million years ago) 
descendants of these early elephants 
had spread from Africa to cover 
Eurasia and North America. The 
majority of them — collectively called 
mastodons — had _ probably evolved 
from Phiomia and Palaeomastodon, but 
the Dinotheres were a very distinct 
line. Their origin is uncertain. They 
were large and elephant-like but, 
unlike all other proboscideans (the 
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proper name for animals of the ele- 
phant group) they had no tusks in 
the upper jaw. A further peculiarity 
was that the tusks of the lower jaw 
curved backwards. Apart from an 
increase in size, the Dinotheres 
changed little during the twenty mil- 
lion years that they lived in Africa and 
Eurasia. 

The mastodons flourished through- 
out Miocene and Plicocene times and 
well into the Pleistocene. Most of 
them — presumably evolved from 
Phiomia-like ancestors—had long 
lower jaws which sometimes formed 
huge ‘shovels’ and gave rise to the 
name ‘shovel-tuskers’. Tusks normally 
grew in both jaws and the body was 


Two of the rather strange elephants of 
Miocene times. Left is a typical dinothere 
head. It lacked tusks in the upper jaw and 
those of the lower jaw curved backwards. 
Right is one of the ‘shovel-tuskers’ — so 
called because of the large lower jaw. They 
probably lived in swamps and shovelled up 
vegetation with their jaws. 
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The family tree of elephants. Some of the 
lines have unknown origins but all mus* have 
come from an ancestor like Moeritherium. 
The nearest living relatives of the elephants 
are the small hyraxes and the sea-cows which 
are grouped with them as sub-ungulates. 
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generally elephant-like. The typical 
trunk probably appeared during the 
Miocene period. 

Another group — the so-called ‘true’ 
mastodons — were even more like 
modern elephants. They did not have 
long lower jaws and are believed to 
have evolved from Palaeomastodon. The 
‘true’ mastodons remained almost 
unchanged throughout their history 
until the extinction of the American 
Mastodon only a few thousand years 
ago. 

True elephants (including the 
famous Mammoths) were the last of 
the proboscideans to appear. The 
oldest-known fossils come from Plio- 
cene rocks in India and are less than 


An Indian elephant at work. These animals have immense strength and are invaluable for 
moving timber in rough country. African elephants can also be trained to work but are less 


commonly trained than their Indian cousins. 
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scrape snow away from the vegetation. 
Elephants Today 

Out of the vast number of elephants 
and near-elephants that have existed, 
only two species are alive today. These 
are the African Elephant (Loxodonta 
africana) and the Indian or Asiatic 
Elephant (Elephas maximus), which 
differ in a number of details. Until the 
beginning of this century, even these 
were in danger of extinction. Now they 
are given some protection and num- 
bers are increasing again. 

The most obvious thing about ele- 
phants is their size—a fully grown 
African specimen may be more than 
eleven feet high at the shoulder and 
may weigh seven tons. The Indian 
elephant is usually slightly smaller and 
there are sub-species such as the 
African forest elephant only about 
eight feet tall. Elephants are by far the 
largest of land-living animals. The 
giraffes top them in height only by 


Elephant trunks are derived from the nose and the upper jaw. The tip differs in the various species. 


ten million years old. True elephants 
are easily distinguished from most of 
the mastodons by the higher head, the 
short and tuskless lower jaw, and 
especially by the structure of the cheek 
teeth (molars). Mastodon molars had 
a characteristic pattern of cusps and 
several teeth were present in each 
jaw. The molars of elephants are huge 
and are made up of plates of enamel 
and dentine separated by cement. 
Except in the earliest elephants there 
were never more than four teeth (two 
up and two down) in the jaws at any 
one time. 

The true elephants did not arise 
from the mastodons and their origin is 
not known. The earliest known type 
has been named Stegodon and _ its 
descendants appear to have followed 
two lines — one leading to the African 
Elephant and the other to the mam- 
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moths and the Asiatic Elephant. 

Mammoths of several different 
species are known but they do not 
differ widely in structure from the 
Indian or Asiatic elephant. The woolly 
mammoth of the Pleistocene Ice Ages 
is the best-known. Cave paintings by 
early Man frequently show these ani- 
mals. Bones have been discovered and 
even complete animals frozen into 
the tundra soil of Siberia. The flesh of 
one of these frozen animals was fresh 
enough to be eaten although several 
thousand years old. 

The woolly mammoth — as the name 
suggests — was covered with long hair. 
This enabled it to live in the cold con- 
dition of the Ice Ages. The tusks of the 
adults were huge curved structures 
that often met to form a huge circle. It 
is difficult to imagine what purpose 
they served other than perhaps to 


The distribution of living elephants. A sub- 
species in Africa — the African Forest Ele- 
phant —1s considerably smaller than the 
typical form, being only seven or eight feet at 
the shoulder when fully grown. 
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virtue of their long slender necks. 

To support their great weight the 
elephants have huge columnar legs 
which give them a very clumsy appear- 
ance. Nevertheless, an elephant can 
move along at a fair speed — and 
silently. A cushion of tissue under the 
foot effectively silences the foot-steps. 
Although elephants can be trained to 
get up on their hind legs, they cannot 
jump at all — their leg structure is not 
suitable. 

The skull is large but relatively 
light. The bones are full of cavities and 
channels (sinuses) which contain air. 
Without these cavities, the animal 
would be unable to lift its head for the 
tusks alone may weigh three hundred- 
weight in a large bull elephant. The 
brain is large although not large in 
proportion to the size of the body. The 
elephant is an intelligent beast whose 
memory is a well-known feature. The 
senses of smell and hearing are well 
developed. 

An elephant’s trunk acts as another 
limb — and a very useful one at that. 
It enables the elephant to get food 
from the ground and from high in the 
tree and is also used in drinking — 
water is sucked into the trunk and 
then squirted into the mouth. The 
trunk consists of many bands of 
muscles and it can be shortened, 
stretched or curved in any direction. 
It is extremely sensitive to touch — 
especially at the tip. A well known 
trick is for an elephant to pick up a 
coin with its trunk and put it in a 
keeper’s pocket! 

Elephants are vegetarians and a 
full-grown one may eat up to five 


hundredweight of grass and leaves 
each day. It is little wonder that they 
destroy their habitats when large 
numbers are concentrated in small 
areas. An elephant’s digestion is not 
very good, however, for the faeces 
contains a lot of unaltered plant 
material. This is in spite of the huge 
grinding surfaces of the cheek teeth. 
There is only one fully-functional 
cheek tooth in each half of each jaw at 
any one time. This is made up of plates 
of enamel and dentine which stand up 
as ridges above the cement to make the 
grinding surfaces. As each tooth wears 
down it is replaced by another grow- 
ing from behind it. The old tooth is 
gradually resorbed into the body and 
the last remains fall out. During its life 
the elephant grows only twenty-four 
cheek teeth — six in each half of each 
jaw. When the last teeth are worn 
down the animal will die of starvation 
for it cannot feed. Most elephants 
probably die of other causes, however, 
before this stage is reached. In the 
wild, fifty years is probably a good age 
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for an elephant. 

A lot is heard of elephant ‘grave- 
yards’ where elephants are supposed 
to go to die. There is no reason to 
believe this, and the occasional ‘grave- 
yards’ are almost certainly due to a 
disease such as anthrax which has 
killed a whole herd at once. The herd- 
ing instinct is very strong in elephants 
and they usually live in family groups, 
led in most cases by a female. The 
group may consist of a number of 
related females with their offspring 
and some bulls. During dry periods 
family groups often combine into very 
large herds. They often undertake 
long migrations and are expert swim- 
mers. 

When domesticated, the elephant 
can be trained to perform a number of 
jobs and is a valuable worker in India. 
Contrary to popular belief the African 
elephant can also be trained. The ele- 
phants used by Roman armies were 
probably of African origin. There is no 
truth in the story that elephants have 
pink toe-nails. 
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The cheek teeth (molars) of a mastodon and an elephant. The mastodon’s teeth were small 
compared with those of the elephant and several were present in the jaws at one time. The 
tooth of an elephant may be about a foot from front to back. 


Moeritherium — the earliest known proboscidean. Its remains have been found in Eocene 
rocks in Egypt. The position of the eyes and nostrils at the top of the head suggest that the 


animal lived in swamps or water like today’s ee. 
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WHEN an engineer designs a bridge 
or a building, he has to con- 
sider how the stresses in the various 
parts act on each other. Will the load 
exerted by the roof be too great for the 
girders to bear? Will the forces acting 
in one direction on a wall be greater 
than the forces acting in another? 
These questions and many other 
similar ones must be answered if the 
building is not to topple over. 

The science of mechanics deals with 
the effect of forces on bodies, and is 
divided into two parts, statics and 
dynamics. Dynamics is the study of 
moving bodies, and statics the study of 
stationary bodies. The civil engineer, 
when he designs a building, has to 
think of a complicated system of forces 
—his problem is a gigantic exercise in 
statics. But quite simple problems like 
calculating the force exerted on a wall 
by a ladder have to be solved using 
exactly the same rules and methods. 

The basic question to be asked is, 
under which conditions does a body re- 
main stationary? The answer is that 
the body remains stationary if two 
conditions are fulfilled. The first con- 
dition is that all forces acting on the 


Various bodies in statical equilibrium. 
When a body is in equilibrium and does not 
move, its weight downwards must be 
balanced by an equal and opposite reaction 
upwards. 


EACH CARD EXERTS AN EQUAL AND 
OPPOSITE FORCE ON THE OTHER 
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ACTION AND REACTION ARE EQUAL 
AND OPPOSITE. 
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STATICS PROBLEM 


~~ 


SMOOTH 
WALL 
(NO FRICTION) 


THE PERPENDICULAR 
DISTANCES OF W AND 
P CAN BE CALCULATED 
BY TRIGONOMETRY 


LINE ABOUT 
WHICH MOMENTS<~ 


ARE TAKEN ‘ oe a 


The problem is — how far up the ladder can the man go before it slips. This is an 
example of a typical problem in statics. To solve it, it is necessary to resolve forces and - 
take moments i.e. to use the two conditions of statical equilibrium, which are: 

The sum of the external forces = 0. 

The sum of moments of the external forces about any line = 0. 
The external forces are drawn in R, W, F, P. In actual fact there will be some friction at 
the smooth wall but this is assumed negligible. Adding the external forces gives: 


R—W=0. 

F—P=0. 
The forces are already in parallel perpendicular directions so before adding there is no 
need to resolve them. W and P are in opposite directions to R and F so they have 
— signs. From these two equations R = W, F = P. 


© sum the moments, any line is chosen. Such a line would be that perpendicular to — 
the plane of the page, through R and F. This line has the advantage that R and F have no © 
moment about it, since they pass through it. The perpendicular distances from the line 
of the remaining external forces W and P are found, and the sum of their moments 
(which are in opposite directions) about this line written down. The top two equa- 
tions, and the moment equation enable the problem to be solved. 
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Since the particles of the ladder do 
not move, no force acts on them 
i.e. the internal forces + external 
forces = 0. The internal forces are 
compressions and tensions, and can 
be forgotten about as they are all 
equal and opposite, so sum of exter- 
nal forces = 0. 
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EQUAL 


Moment equals force X distance, 
and since the sum of the forces 
(int + ext.) is zero, the sum of the 
moments of these forces about any 
line (a line through the plane of the 
page for plintt is zero. The sum 
of the moments of the internal for- 
ces which are all equal and opposite 
cancel, so this leaves that the sum of 
the moments of the external forces 
about any line = 0. 


body must cancel each other out when 
their effect in any direction is found. 
All the forces are resolved in one direc- 
tion and their values added together. 
If the result is not zero, the body can- 
not be in equilibrium. 

The second condition is that all the 
moments acting on a pivot must add 
up to zero. It is quite obvious that if 
the turning effect in one direction is 


Forces have direction and magnitude. 
From the parallelogram of forces it is 
seen that any force can be resolved into 
two components at right angles. To add 
two forces in different directions, it is 
only necessary to add or subtract the 
components. : 


ADDITION OF FORCES 
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ALL THE BODIES ON THE 
TABLE ARE MADE OF THE SAME 
MATERIAL, AND ARE THE SAME 
WEIGHT SO THE FRICTIONAL 
FORCE PREVENTING 

THEM SLIPPING IS THE SAME 


EQUAL 
WEIGHTS 


FRICTION IS INDEPENDENT OF THE AREA OF A ACT 
Friction exists between any two surfaces. By experiment it 1s found that the force of friction 
does not depend on the area of contact. It only depends on the weight downwards, and the 
nature of the two materials. The weight downwards 1s balanced by an equal and opposite 
reaction upwards. The law of friction states that when the body is on the point of slipping, 
the force of friction = coefficient of friction x upwards reaction 

AS WEIGHTS ARE ADDED THE FRICTION BUILDS 


UP TO ITS MAXIMUM UNTIL SLIPPING IS JUST 


greater than in another, the body can- ROGET: TO OCC 


not be in equilibrium — it will tend to 
spin around. 

These two conditions add up to the 
simple rule for most problems in FINDING 
statics — resolve forces and take moments. OF FRICTIO 

A ladder leans against a wall. A man 
starts to climb the ladder. As he goes 
up the ladder he moves nearer the 
point of slipping. How far up will he 
be when it does slip ? 

The forces are resolved first in the 
horizontal direction and then in the 
vertical. Then moments due to the 
forces acting on the ladder at its upper 


T DOWNWARDS 


WHEN THE BODY IS ON THE 
POINT OF SLIPPING 


e 
R = COEFF. OF FRICTION 


point of contact with the wall are 
found, and then at the lower. These 
calculations provide simple mathe- 
matical equations that can be solved 
to provide the answer. 
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A force besides its pushin: or pulling effect has a turning effect. This is called its moment. The 
moment of a force about a line is the force X its perpendicular distance from the line. 


MOMENT OF FORCE 
F ABOUT AXIS A = —F X b 
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PHOTOGRAPHY 


INSTANT PHOTOGRAPHS 


ONE day during the second world 

war a small girl asked im- 
patiently to see the photographs her 
father had just taken. He explained 
that it would take time to develop the 
negatives and to make prints from 
them. It then occurred to him that the 


era in use. 


on the print 
f the camera 


conventional photographic process 
was very slow and could do with 
‘speeding-up’. The man was Edwin 
Land and his Polaroid Corporation 
now produces the world-famous range 
of Polaroid Land Cameras with which 
it is possible to obtain a print about 
ten seconds after opening the shutter — 
virtually instant photography. 

Land faced an enormous number of 
problems in working out his new idea 
but in an incredibly short time he had 
solved the basic chemical and physical 
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problems. By 1947 work was going 
ahead on the commercial production 
of the film and the specially designed 
camera. In 1948 the first Polaroid 
Land Cameras went on sale and they 
were an immediate success. Sixty 
seconds were required to produce a 
finished print. 

The first Polaroid films produced 
sepia-coloured prints but these were 
later replaced by film producing the 
true black-and-white prints. All the 
while, there has been steady improve- 
ment in the nature of the film. Very 
fast films are now available that can 
produce good pictures under poor 
lighting conditions. Processing time 
has been reduced to ten seconds for 
some film. Colour film is now also 
available. The cameras, too, have 
been modified and improved and 
several models are now available. 
The Polaroid Land Camera 
Model J66 

This is the simplest of all the Polar- 
oid cameras to use, and it will give a 
perfect picture every time, if a few 
simple instructions are followed. A 
‘picture-roll’ — consisting of negative 
and positive material and reagent is 
loaded into the back of the camera. 
The negative roll (the film) fits at one 
end and the positive (the printing 
paper) at the other, and the camera is 
designed so that the negative material 
is moved across the camera behind the 
lens. The camera is designed to use 
very high-speed film although, with 
special attachments for the electric 
eye it can also be used with colour- 
film. 

When loaded, the camera is ready 
for use. Except for subjects very close 
to the camera (requiring the close-up 
setting) there is no focusing to be done. 
The lens works at a very small aperture 
— about /32 or one quarter the size of 
the aperture of a simple box camera. 


This tiny aperture is possible because ~ 


of the very high speed of the film which 
requires very little light to expose it 
correctly. The small aperture gives a 
large depth of field — from four and a 
half feet to infinity — and so no focusing 
is necessary. The electric eye (a light 
meter coupled to the shutter) auto- 


matically selects the appropriate shut- 
ter speed to produce a correct ex- 
posure. In really bright light even the 
fastest shutter speed may let in too 
much light and the picture will be 
over-exposed (too light). This can be 
corrected to some extent by moving 
the adjustment ring to ‘darken’. This 
reduces the aperture. Similarly, if the 
slowest shutter speed does not let in 
enough light in dull weather, correc- 
tion can be obtained by opening the 
aperture (set to ‘lighten’). A pointer 
on the camera (linked to the light 
meter) indicates when the light is not 
good enough and when flash is needed. 
The camera has a built-in flash gun. 
When the shutter is fired, the film is 
exposed to light in the normal way. 
The end of the roll projects from the 
camera. When this end is pulled the 
negative is pulled round inside the 
camera and, together with a section of 
positive paper, it passes through two 
rollers. The pressure of the rollers 
breaks a small pod of developing 
reagent attached to the paper and 
smears it over the two film surfaces. 
Development then starts and after the 
recommended time, the finished print 
can be lifted out of the back of the 
camera. The black-and-white prints, 
however, are not stable and must be 
coated with the special material pro- 
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The colour process. a) Green light ex- 
poses the green-sensitive halide layer. 
b) The reagent is released and the dye- 
developer groups move. The magenta 
dye is trapped by the exposed green- 
sensitive halide next to it. The other 
dyes move further. c) The blue-green 
and the yellow dyes are trapped in the 
positive where they give green — the 
colour of the original light. White light 
exposes all layers and no dye gets 
through. 


vided. Unless this is done, the prints 
will fade. 

The negatives of most polaroid films 
are pulled out of the camera the next 
time the film is moved on, and are then 
discarded. They are on a paper base 
and are not suitable for making more 
prints. Extra copies can be made from 
the original prints themselves. How- 
ever, there is now a positive/negative 
film available in which the negative is 
not paper-backed, and can be used for 
making further prints. 

The Polaroid Process 

In conventional photography, a 
negative is exposed to light and the 
silver halide (the _ light-sensitive 
material) is decomposed to a greater 


or lesser extent. The affected crystals 
continue their decomposition during 
development and silver is deposited on 
all areas affected by light. Unaffected 
silver halide is dissolved and removed 
by the fixer. The negative is then dark 
in places corresponding to light areas 
on the original subject, and trans- 
parent where there were dark 
areas. To make a print, light is passed 
through the negative onto light sensi- 
tive paper. Light does not come 
through the dark areas of the negative 
and the positive is not blackened and 
so the print reproduces the light and 
dark tones accurately. 

Edwin Land had to condense all 
these processes into a single stage last- 
ing only a short while and this involved 
many chemical and physical problems. 
Although the negative material is 
basically the same as that used in con- 
ventional photography (except for its 
paper backing) the positive material 
and the chemical reagents are very 
special and their composition is a 
well-kept secret. 

When the negative has been ex- 
posed the roll is pulled round and the 
negative and positive materials are 
brought close together. The pressure of 
the rollers spreads an even film of 
fluid over the surface and the process 
begins. One component of the fluid 
develops the exposed silver halide in 
the normal way and causes silver to be 
deposited on the negative. Unexposed 
silver halide crystals are dissolved by 
another component in the fluid and 
they can then move about in the 
reagent and reach the layer of positive 
material. The surface of the positive 
paper is coated with chemicals which 
induce the dissolved silver halide to 
break down and deposit silver on the 
positive. Thus the positive (print) has 
dark areas corresponding to unex- 
posed areas of negative (i.e. dark areas 
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of the original object). Most of the 
liquid is absorbed into the paper and 
the print soon diies. Processing time 
varies with the type of film and also 
with temperature. A film requiring 
ten seconds at 75°F will require per- 
haps 45 seconds at temperatures near 
freezing. 
Colour by the Polaroid 
Land Process 

‘Polacolor’ film appeared rather 
later than the monochromatic type 
because its production involved rather 
more problems than the black-and- 
white film. These problems have been 
solved, however, and very accurate 
colour prints can be obtained in 
about sixty seconds. The process de- 
pends not on the movement of silver 
halide but on the movement of dyes 
linked to molecules of developer. The 
negative film consists of several layers 
including blue-sensitive, green-sensi- 
tive and red-sensitive silver halide. 
Next to each of these sensitive layers is 
a layer of developer linked to a dye. A 
yellow dye is next to the blue-sensitive 
layer; magenta partners the green- 
sensitive layer; and cyan (blue-green) 
partners the red-sensitive layer. When 
the negative is exposed, say by blue 
light, the blue-sensitive layer is affec- 
ted. When the fluid is set free by the 
rollers, the developer molecules can 
move about. They will quickly reach 
the neighbouring layers and the de- 
veloper with attached yellow dye will 
be trapped by the exposed _blue- 
sensitive halide. Magenta and cyan 
dyes will reach the blue-sensitive layer 
later and find no free exposed halide. 
These dyes will move on into the 
positive material where they are trap- 
ped and produce a blue colour. The 
alkali of the reagent is neutralized by 
acids in the positive material and the 
finished print can be lifted out after 
about sixty seconds. 
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A forage-harvesting machine at work. The 


ti, 


cut plants are blown into a traile 


can later be dumped into a silage pit for fermentation. 


FIELD of clover is a welcome sight . 


in summer but the farmer does 
not sow it just because it looks nice. To 
him, clover is a valuable crop, just like 
wheat or potatoes. 

Clover belongs to the large family of 
plants called the Leguminosae —so 
named because the fruit is always a 
pod or legume. Other leguminous 
plants include peas, beans, ground- 
nuts, vetches and lupins. Their flowers 
are all of the typical pea-flower shape. 

Leguminous crops (often loosely 
called legumes) have three major uses. 
Some are grown for seed which is 
used for human and animal consump- 
tion. Others are grown as forage for 
sheep and cattle. The plants may be 
grazed and they also make good hay 
and silage. Finally legumes are some- 
times used as ‘green manure’ — the 
plants are ploughed straight back into 
the soil. 

The value of the leguminous crops 
lies in their very high nitrogen and 
protein content. This is due to the 
action of certain bacteria in the plant 
roots. The bacteria live in small 
‘nodules’ on the roots and are able to 
‘capture’ atmospheric nitrogen. They 
make it into nitrates which the plant 
can absorb and use to make proteins. 
The nitrates and proteins occur in all 
parts of the plant so that both seed and 
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foliage are useful foods. Ploughed-in 
roots and stubble provide a fair 
amount of nitrogenous fertilizer. 
Legumes for Seed 

Peas, runner beans, dwarf beans and 
broad beans are all common garden 
crops. Of these, only peas are agricul- 
turally important. There are numer- 
ous varieties grown for feeding live- 
stock, for drying and canning, and for 
human consumption as a fresh vege- 
table. Peas require plenty of lime in 
the soil and a good supply of potash 
but the activity of the root bacteria 
makes added nitrogen unnecessary. 


A plant of red clover (Trifolium pratense) 
showing the root nodules and (in circle) one 
of the types of bacteria that help to fix 


nitrogen. 
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Because of their straggly growth 
peas are very difficult to weed after the 
first few weeks and clean soil is essen- 


‘* tial for a good crop. Some selective 


weed-killers are now available for use 
on peas. When the pods have been 
harvested, the haulm (stem and leaf) is 
a very valuable fodder. Some varieties 
are grown entirely for use as fodder. 

Field Beans are grown for livestock 
feeding. There are several varieties, 
some of which are related to the garden 
broad bean. As with most legumes, 
beans need plenty of lime and reason- 
able amounts of phosphate and potash. 
Beans can be sown in autumn or 
spring. They are harvested when the 
leaves fall and are stacked for a while 
before threshing to extract the seeds. 
The haulm is useful for livestock feed- 
ing. Ploughed-in bean roots provide a 
good supply of nitrogenous and or- 
ganic matter. 

Peas and beans are often called pul- 
ses. Another pulse crop, common in the 


The common vetch (Vicia sativa) showing 
flowers and seedpods. For use in silage it 
should be harvested before the seed pods 
develop for then the plant begins to get 
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(Below) One of the clouded yellow butter- 
flies and its caterpillar which feeds on 
lucerne and other legumes. In America the 
caterpillar is called the ‘Alfalfa worm’ and 
often does much damage to the crops. (Below 
right) Sainfoin (Onobrychis viciifolia) is 
often grown in South East England on the 
well-drained chalk soils. It makes a good 
quality hay and can be grown alone or with 
grasses. 


Mediterranean region and Asia, is the 
lentil. The small pea-like seeds are 
used widely for making soups and 
sauces. Groundnuts and soya-beans 
are other important leguminous crops 
but these are grown mainly for the oil 
that the seeds contain. Vetches are 
sometimes grown for their seeds which 
make a valuable addition to cattle 
foods, but more often these plants are 
used as fodder. 
Legumes as Forage Crops 

Clovers-- both red and _ white 
flowered types—are usually grown 
with grasses as leys. The crop is used for 
grazing, for hay-making or for silage. 
Many varieties of clover exist, differing 
in rate of growth, time of flowering, 
disease resistance and other features. 
Leys are sometimes sown with a ‘nurse 
crop’ such as barley. The barley grows 
up and protects the clovers during 
their early growth. When the cereal is 
harvested, stock can graze in the 
stubble, and the following spring a 
good grass and clover crop is available. 

Vetches (or tares) provide excellent 
food for livestock as green fodder or 
as silage or hay. Because of their 
slender trailing habit, vetches are 
usually grown with oats or beans. This 
makes harvesting easier and all can be 
used for fodder. Vetches are especially 
useful on poor soils as long as there is 
plenty of lime. Vetches are often sown 
straight after cereals — without plough- 
ing if the land is free of weeds. A light 
harrowing is all that is necessary 
before sowing. The crop should be cut 
before seed develops for then the 
stems get tough. 

Lucerne (or alfalfa as it is called in 
America) is a valuable fodder crop 
especially in the drier regions. Its deep 
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Lucerne (Medicago sativa) or Alfalfa is 
characterised by deep roots. It can thus 

' be grown in drier regions than most 
other legumes. The crowns of the 
plants throw up many new shoots each 
year. 


root system enables it to get water 
from deep down and this means it can 
be grown in regions of low rainfall. A 
wide range of well-drained soils are 
suitable for growing lucerne but they 
must be weed-free. Lucerne is a slow 
starter and is easily choked by weeds. 
It can be grown with a nurse crop such 
as barley in its first year and by the 
time that the nurse crop is out the 
lucerne will be established. Cutting 
can take place the following year. 
Three or four cuts can be obtained 
each year from a good lucerne field. 

A method of adding the nodule bac- 
teria to the lucerne seeds for use on 
bacteria-deficient soils has helped to 
get lucerne established more quickly in 
recent years. When the bacteria are 
present in large numbers the plant can 
get going right away. 
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WHEN a direct current is passed 

through dilute hydrochloric 
acid, hydrogen gas can usually be 
collected above the cathode. The 
dilute hydrochloric acid contains hy- 
drogen ions and this experiment shows 
that the hydrogen ions carry positive 
charges and under the influence of the 
electric current they migrate towards 
the electrode with the opposite (nega- 
tive) charge. 

However, compounds containing 
hydrogen do not necessarily yield 
positively charged hydrogen ions. If 
an electric current is passed through 
molten lithium hydride (LiH), the 
lithium ions travel towards the cathode 
while hydrogen gas can be collected 
above the anode. In this instance the 
hydrogen ions are negatively charged. 
This unusual property is characteristic 
of the compounds which hydrogen 
forms with the alkali and alkaline 
earth metals (lithium, sodium, potas- 
sium, calcium, etc.). 

Hydrogen combines with many ele- 
ments to form compounds called 
hydrides. The compounds of hydrogen 
with the more common non-metallic 
elements such as sulphur, chlorine and 
iodine are usually regarded as hy- 
drides because most of them yield acid 
solutions when they are dissolved in 


The principal hydride of sulphur (hydrogen 
sulphide) 1s an important reagent which is 
used in qualitative analysis. 
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External view and cutaway of a platinum 
alloy diffusion cell used for purifying 
hydrogen. The cell operates at about 400°C 
and 30 atmospheres pressure. 


water. They give rise to series of 
metallic salts such as the sulphides and 
iodides. However, the term hydride 
(which should not be confused with 
hydrates, meaning compounds con- 
taining chemically combined water) 
can be applied to any compound con- 
taining hydrogen and one other ele- 
ment. 

The hydrides can be divided into 
several groups according to their 
properties. These groups correspond 
quite closely to the position of the 
other element in the periodic table. 
The alkali and alkaline earth metals 
and the halogens (non-metals) are at 
opposite ends of the horizontal rows or 
periods in the table, and the hydrides 
which they form behave in quite 
different ways. But all these hydrides 
are ionic — the non-metallic ones give 
positively charged hydrogen ions, 
while the metallic ones yield negatively 
charged hydride ions. But between 
these extremes there are many more 
hydrides both of metals and non- 
metals. The parts of these molecules 
are held together by much stronger 
forces than in the ionic hydrides and 
no ions are formed. 
lonic Metal Hydrides 

All the hydrides of the alkali and 


alkaline earth metals are strong re- 


ducing agents. They react with water, 
some of them violently. Hydrogen gas 
is liberated and the hydroxide of the 
metal is formed. The reaction between 
water and calcium hydride is, by 
comparison, quite mild. For this 
reason calcium hydride is used as a 
convenient source of portable hydro- 
gen, just as calcium carbide is used for 
making acetylene. Both lithium hy- 
dride and lithium aluminium hydride 
(LiAl1H,) are very useful for producing 
nascent hydrogen when preparing 
organic substances. 

The hydrides of this group are fairly 
stable, colourless, crystalline com- 
pounds which resemble, in some ways, 
the chlorides and iodides of the same 
metals. They are usually prepared by 
passing hydrogen under pressure over 
the heated metal. 

Other Metal Hydrides 

Although it is doubtful whether true 

chemical compounds are formed be- 
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The hydrogen in lithium hydride be- 
haves rather like the halogens — 
lithium hydride (below) ionizes to give 
negatively charged hydride ions. Hydro- 
gen gas can be collected above the 
anode of the cell. In contrast, dilute 
hydrochloric acid (above) contains 
positively charged hydrogen ions. When 
it is electrolysed, hydrogen gas is 
liberated at the cathode. 
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The position of an element in the periodic table (above) is a good guide to the type of hyd 
metals (on the left of the table) form ionic hydrides in which hyd ir is the acid radical. 
but in these hydrogen is present as a positive ion which can be rep 


tween hydrogen and some metals, it is 
certainly true that hydrogen gas is 
absorbed by many metals when they 
are heated in the gas. The actual 
mechanism for taking up hydrogen is 
in doubt and may very well vary 
between the different metals. 

The power of the metal palladium 
to absorb hydrogen is outstanding. 
Powdered palladium which has been 
kept in an atmosphere of hydrogen at 
100°C for three hours, and then left to 
cool in the gas for ninety minutes 
absorbs as much as 650 times its own 
volume of the gas. Advantage is taken 
of this in the production of very pure 
hydrogen. 
lonic Hydrides of Non-Metals 

This group includes compounds 
such as hydrogen chloride, hydrogen 
iodide, hydrogen sulphide and water. 
Some of these compounds (e.g. hy- 
drogen iodide and water) can be 
prepared by direct combination be- 
tween the elements concerned. How- 
ever, hydrogen chloride and hydrogen 
sulphide can be obtained much more 
easily by the action of a strong acid 
(not nitric acid) on an appropriate 
metallic salt. For instance, hydrogen 
chloride is generally prepared by 
heating sodium chloride and concen- 
trated sulphuric acid. 

When these hydrides are dissolved 
in water they form acid solutions and 
positively charged hydrogen ions are 
produced. These hydrides give rise to 
well defined series of salts — chlorides, 
iodides and sulphides. 


VIA VIIA 


VillA ———IB 


laced by metallic ions. 


The hydrides of oxygen (water and 
hydrogen peroxide) do not appear to 
resemble any of the other hydrides 
very closely. Water occupies an almost 
unique position — many of its unusual 
properties are due to hydrogen bond- 
ing between molecules. 

Other Non-Metal Hydrides 

The hydrides of carbon (the hydro- 
carbons) are probably the most impor- 
tant hydrides in this group. This 
almost limitless range of compounds is 
present in crude oil, or is produced at 
various stages in refining. The hydro- 
carbons are valuable as fuels and, 
even more important, as the raw 
materials used in the manufacture of 
a vast range of substances including 
plastics and artificial fibres. 

There are aliphatic (or chain) hydro- 
carbons in which hydrogen atoms are 
attached to a chain of carbon atoms, 
while the basic unit of the aromatic 
(ring) hydrocarbons is a ring of six 
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ride it will form. The alkali and alkaline earth 
he non-metals also gives rise to ionic hydrides, 


carbon atoms with one hydrogen 
atom attached to each. 

Both silicon and boron resemble 
carbon to some extent, but the ability 
to form chain hydrides is rather limi- 
ted. The chains may contain up to six 
atoms per molecule. Compounds of 
the aromatic type do not exist. The 
hydrides of boron and silicon are by 
no means so stable as those of carbon, 
and there is still some doubt concern- 
ing the structure of the boron hy- 
drides. 

The hydrides of two other non- 
metals — nitrogen and phosphorus — 
are also quite important and have 
certain properties in common. Both 
ammonia (NHs3) and phosphine (PHs) 
are alkaline and form halides, though 
in these respects phosphine is much 
weaker. Ammonia actually gives rise 
to an ion—the ammonium ion — 


which behaves in a similar manner to 
the ions of the alkali metals. 
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NE of the highest honours which 
can be conferred upon a scientist 
is to be elected a Fellow of the Royal 
Society, London. Although such re- 
cognition of major contributions to 
‘natural knowledge’ is usually accor- 
ded to those in middle or later life, 
Isambard Kingdom Brunel, who sub- 
sequently gained fame as a pioneer of 
railway construction, was only 24 
years of age when he was elected. 

At quite an early age Brunel showed 
natural aptitude as a draughtsman and 
this was encouraged by his father, him- 
self an engineer of some note. In 1820, 
at the age of 14, he went to Paris to 
study at the College Henri Quatre. 

Three years later, on his return from 
Paris, Brunel entered the office of his 
father’s engineering firm. In 1825 his 
father was commissioned to construct a 
tunnel beneath the River Thames from 
Wapping to Rotherhithe and young 
Brunel was made resident engineer in 
charge of the scheme. After toiling for 
three years, during which time the 
river broke through the roof on several 
occasions, the project was abandoned. 
Work was resumed much later and the 
tunnel, which is still used for carrying 
a branch of London’s Underground 
Railway, was completed in 1843. 

But ten years earlier, in 1833, Brunel 
was appointed Chief Engineer of the 
newly founded Great Western Rail- 
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way, a post he was to hold for thirteen 
years. It was his responsibility to 
design and construct the first rail 
route from Paddington, London to 
Bristol. He was an expert in designing 
bridges and excavating tunnels. 

To make tunnelling safer he inven- 
ted the shield. This enabled the work- 
men to dig out one section of the face 
at a time. They gained access to the 
various sections of the face through 
doors in the shield and as the shield 
incorporated its own roof supports 
there was less danger of roof falls. 

Not only did Brunel excel as an 
engineer — he was also quite successful 
in negotiating personally with land- 
owners. Although it would probably 
enhance the value of their property, 
many landlords were bitterly opposed 
to railways being built across their 
land. In consequence, enormous fees 
had often to be paid for the land on 
which the railway was built. Costly 
diversions were also necessary to avoid 
some estates. Nevertheless Brunel suc- 
ceeded in building lines with smooth 
curves, and, as far as possible, gentle 
gradients. 

On the basis of sound theoretical 
reasoning Brunel adopted a broad 
gauge (7 ft. between rails instead of 4 ft. 
84 in. used elsewhere in Britain) for the 
Great Western’s tracks. He claimed 
that this made for safer, faster and 


smoother travelling. However, it made 
the interchange of traffic between the 
Great Western and other railways very 
difficult. The ‘Battle of the Gauges’ 
persisted for many years, but even- 
tually in 1892 the Great Western gave 
in and adopted the standard gauge. 

To extend the line further to the 
west, Brunel designed a paddle steamer 
to be used for regular runs across the 
Atlantic Ocean. Called the Great 
Western, this steamer in 1838 com- 
pleted its first transatlantic run in 15 
days. Brunel designed two more ships, 
the Great Britain and the Great Eastern. 
The latter was launched in 1859 a few 
days before his death, brought on by 
overwork. 

Amongst the outstanding bridges 
which he designed was the Royal 
Albert Bridge which carried the rail- 
way over the river Tamar at Saltash in 
Cornwall. Brunel also designed the 
Clifton Suspension Bridge across the 
Avon, but he did not live to see it 
erected. 

Born in Portsmouth in 1806 Brunel 
was an outstanding engineer, a bold 
designer and an exquisite draughts- 
man. It was his genius that gave the 
Great Western Railway a character 
which it has not altogether lost even 
after its merger in 1948 with the other 
railways in Britain to form a single 
nationalized system. 
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Mountain vegetation changes as the altitude increases. In tropical regions there is a gradation from rain forest in lowlands to tundra towards 
mountain summits. This variation in the types of plant closely follows the pattern of vegetation belts from the Equator to the North Pole. 
Decreasing temperature is the common factor, and accounts for the similarities. 


XPLORING the Andean mount- 
ains of South America, Alexander 

von Humboldt, German explorer and 
traveller, climbed to a height of 
18,096 feet above sea level. The year 
was 1802. The mountain was Chim- 
borazo —a volcano located in Ecua- 
dor. At the time, this was the greatest 


Many alpine plants seem more related 
to arctic plants than the lowland forms 
in their vicinity. But how did they get 
there? The Alps for instance are nearly 
two thousand miles from the arctic 
tundra. Twenty thousand years ago ice 
covered much of North-West Europe 
and certainly penetrated as far south as 
the Alps. When the temperatures rose 
and the ice retreated northwards the 
plants which are the present day 
arctic forms moved northwards as 
well. Only on the mountain tops were 
the cold-weather plants able to sur- 
vive. They represent isolated colonies 
of the original ice Age vegetation. 


height known to have been reached by 
Man. 

But Humboldt’s achievement was 
more than a mountaineering triumph. 
Throughout his climb he had taken 
detailed scientific readings with the 
most up-to-date instruments then 
available. He found that as the altitude 
increased so the temperature and pres- 
sure decreased. What is more, he 
noticed how the changes in physical 
conditions were reflected in the plant 
life. 

Luxuriant tropical rain forest in the 
plains gave rise to forests of giant ferns 
on the lower slopes. In turn the ferns 
gave way to a belt of broad-leaved 
deciduous forest. Then, at higher 


levels, followed coniferous forest with 
fir and pine. Higher still it became too 
cold even for conifers to survive. Here 
were only stunted shrubs and small 
plants. Finally a region was reached 
which was permanently covered in 
snow and ice. There were no plants 
growing here at all. 

Mountain vegetation changes going 
upwards in precisely the same way as 
plant life changes over the surface of 
the globe. Passing from the Equator to 
the Poles there is an identical succes- 
sion—rain forest, deciduous forest, 
coniferous forest and tundra. The 
reason is that in both leaving the 
Equator and climbing a mountain, 
temperatures fall. Polar regions are 
colder than equatorial regions because 
the axis of the Earth is tilted. Mount- 
ains are cold because air at high 
altitudes is rarefied and dry; the lack 


of moisture in particular means the air 
cannot retain heat. On a summer day 
temperatures may rise to over 100°F. 
But with nightfall, the heat absorbed 
by the ground is quickly lost to the 
atmosphere again. 

The mountain plants making the 
lower zones of vegetation are almost 
identical with lowland counterparts, 
although particularly long roots give 
support on sloping exposed surfaces. 
But in the alpine tundra zone, above 
the timber line, there are characteris- 
tic mountain or alpine plants many of 
which are found nowhere else. 

These high mountain slopes provide 
very severe climates. Like the arctic 
tundra, long bitter-cold winters are 
broken by very short summers. In 
addition the slopes are exposed all the 
year round to strong gusts of wind 
which remove warmth from the plants. 


Outside tropical regions, some of the belts of mountain vegetation may be missing. Rain 
forests are generally absent. Further from the Equator, deciduous forests disappear and 


eventually even coniferous forests may be absent. 
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Sheep, goats and types of antelope are characteristic mountain animals. A variety of species occur throughout the uplands of the world. Left 
the Rocky Mountain goat is in fact an antelope. With the polar bear it is the only animal to retain a white coat throughout the year. It lives 
permanently on the high slopes of the Rocky Mountains and neither migrates nor hibernates in the winter. Middle, Alpine Ibex — a wild 
goat found in a few places in the Alps; species of Ibex are also found in Asia and North Africa. Right, the Argali of Central Asia — the 
largest of the wild sheep. 


Living under the same difficulties, 
different plants have often evolved 
along similar lines. They are all small, 
growing close to the ground. In this 
way, they avoid the full blast of the 
wind. Also, because they are so close to 
the ground, the plants gain what heat 
there is from the Earth itself. Plants 
standing just an inch or so above the 
ground may have a root a couple of 
feet in length. Roots have to be long to 
give good anchorage on_ sloping 
ground. They must also be efficient 
water absorbers for drainage quickly 
takes place downhill and the winds 
have a strong drying action. 

Many alpine plants are cushion- 
shaped and though they are small, the 
foliage is widespread and thick. The 
tangled leaves and stems act rather 
like the hairs of mammals or the 
feathers of birds. They trap a layer of 
air inside which is both moister and 


Winter in Alpine tundra. Most animals either hibernate or retreat 
Srom the exposed slopes into the shelter of the trees. The timber 
line marks the approximate boundary beyond which trees are 
generally unable to grow. Here a solitary pine has taken root a little 


further up the slope. The wind has killed the branches on the 


windward side. 


warmer than the surroundings. 

Nearly all alpine plants are peren- 
nials — that is they live for more than 
a year. Annual plants are a great rarity 
for conditions are too severe for a life 
cycle to be completed each year. 
Usually growth is very slow. Ten years 
may pass before a plant has stored up 
enough energy to flower and produce 
seeds. 

During the winter a blanket of snow 
insulated the plants from biting sub- 
zero temperatures. The plants remain 
dormant but possess enough energy 
stored as food to grow anew in the 
spring. Sometimes the snow does not 
melt and the meagre supplies of food 
must keep the plant alive for two years 

Renewed growth or germination 
may begin before the snow has actually 
melted. Light from the sun can pene- 
trate through as much as a foot of 
snow. Though the summers are short, 
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very high temperatures, well over 
100°F may be reached during the day. 
Then at night, the dry air gives out all 
its heat and temperatures quickly fall 
to below freezing point. Plants counter 
the strong drying conditions by posses- 
sing wax-coated leaves or a covering of 
hair. The wax prevents excessive loss 
of water, the hair traps a layer of 
moist air about the plant. While the 
sun is shining, as much energy as 
possible must be absorbed. The leaves 
consequently are rich in chlorophyll 
and appear very green. 

When plants at last flower, there are 
very few insects about to cross pollinate 
them. The wind becomes an important 
pollinating agent carrying pollen dust 
from one plant to another. Some 
flowers avoid the problem of cross 
fertilization by self-pollination. Pollen 
produced by the stamens fertilize the 
carpels— borne on the same flower. 


In summer the snow melts providing moisture. Though the days are 
hot, the nights are below freezing and the wind 1s fierce. The 
cushion pink is a typical alpine plant with a cushion-shaped tangle 
of stems and leaves. Hairs on leaves and stems capture warm, moist 
layers of air. Flowers are often deep coloured — perhaps they help to 
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Lowland flowers grown’ on mountainside 
show marked changes in their appearances. 
The different conditions particularly of light 
and temperature cause them to assume many 
of the characteristic structures of true alpine 
plants. 
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As in arctic tundra regions lichens — 
plants made up of algae and fungi — 
prove the most hardy and resistant of 
all vegetable life. They encrust exposed 
rocks in places where no other plants 
can grow. They grow very slowly but 
may live for hundreds of years. 
Animal Life 

Because such a wide variety of tem- 
peratures is experienced on mountains, 
only warm blooded creatures — mam- 
mals and birds ~— are really successful. 
They keep at a constant temperature 
which is maintained by using up 
energy in their bodies. In contrast, 
cold-blooded creatures depend upon 
the surrounding climate for their body 
temperatures. The excess of heat or 
cold is usually fatal for them. 

Most conspicuous of upland crea- 
tures are the large plant-eaters, sheep, 


goats and chamois. During the sum- 
mer they lead a wandering existence 
high on the mountains. During winter, 
most of them migrate to the forests on 
the lower slopes. Here they obtain food 
and shelter. Their large size is a pro- 
tection against cold. In comparison 
with the volumes of their body, the 
surface area of skin — the heat-losing 
surface — is small. Heat loss is further 
reduced by the growth of thick fur. 
Sure-footed, wary and with a good 


_ turn of speed, the mountain herbivores 


are much more formidable animals 
than their lowland counterparts. They 
usually can out-manoevre, out-run, 
sometimes out-fight wandering flesh- 
eaters — wolves and wild cats — that 
follow them. The hooves have pincer- 
like toes for obtaining grip. They also 
have raised heels with soft hollowed 
pads which grip like suction caps. 

Smaller animals are less conspicu- 
ous but even more abundant. They are 
principally rodents — squirrels, and 
marmots — though rabbits and hares 
manage to live on the slopes as well. A 
wide variety of plant food is eaten. 
Some of the food may be stored away 
to provide for the lean winter months. 
When the snow falls many of the 
creatures burrow underneath; in- 
sulated against the frost and equipped 
with good supplies they are quite 
comfortable until the following spring. 

An alternative method of escaping 
the cold is to hibernate. The ground 
squirrel does this. Immense quantities 
of food are eaten in the summer and 
stored in the body as fat. Then, inside 
a burrow lined with grass the creature 
falls into a deep sleep. The body tem- 
perature falls and the heart beat 
slows down. But enough food is 
present to keep the creature alive 
until the following spring. 

Many birds inhabit the mountain 
uplands. Nesting on inaccessible led- 
ges, their chicks are free from attacks 


by predators. But the range of the 
parent bird is by no means confined to 
the mountain slopes. Birds are so 
mobile that they can cover great dis- 
tances in all directions. 

Some of the world’s largest flying 
birds live on mountains. The wing- 
span of the American Condor for 
instance is often ten feet. The birds 
make use of the upcurrents of air 
created by the mountains. Some of the 
birds — the swift for instance — are 
small and feed upon insects. Insects 
and spiders are the only cold-blooded 
creatures found. Many are blown 
high onto the mountain slopes by the 
wind but some do manage to live 
permanently there — eating plants, 
scavenging or feeding off other insects. 
Because they take their temperatures 
from the surroundings they emerge 
only when the temperature rises. At 
other times they remain in a lifeless 
state in cracks in the ground. 
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DYNAMICS 


PENDULUM 


A PENDULUM swinging under 
gravity from a fixed point marks 
out equal intervals of time. This fact, 
first observed by Galileo in the 
Cathedral at Pisa, enabled him to 
design the first pendulum clock. 
Galileo, looking at the chandeliers 
became aware that the time of oscilla- 
tion did not depend on the distance of 
swing. The credit for the general use of 
pendulums in clocks goes to the great 
Dutch physicist Christian Huygens, 
who spent a great part of his life on this 
subject. Pendulums nowadays are em- 
ployed in clocks, mining surveys and 
in the metronome used by students of 
music. 
The Simple and Compound —— 
Pendulum 
There are various different types 
pendulums. Two sorts of comm 
pendulums are the simple pendulu 
which is just a bob swinging at the en 
of a length of string, and the rigid 
compound pendulum. The period of oscil- 
lation of a simple pendulum, i.e. the 
time to swing from one side to the 


other and back again is 2 =f where | is 


the length of the string and g the 


A compound pendulum for investigat- 
ing the relationship between the time 
of swing and the distance from the 
suspension point. 
STOP CLOCK 
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acceleration due to gravity (the ac- 
celeration of a falling stone) at the 
Earth’s surface. At a place where g is 
much smaller, such as on the Moon, 
the period will be longer and pendu- 
lum clocks will go slow. This is because 


when g is smaller 2= fe is larger. The 


dependence of the period on g pro- 
vides a useful way for checking gravity 
on the surface of the Earth. To provide 
the force which tips the escapement 
wheel in pendulum clocks, a simple 
pendulum which is without rigidity 
would be no use so a rigid compound 
pendulum is the type used. 

An easily constructed compound 
pendulum is a long metal tube with 
holes bored in it at equal intervals. 
The pendulum is balanced on a knife 
edge at these holes. As the point of 
suspension is moved towards the centre 
of the tube (the centre of gravity) the 
period of oscillation diminishes and 
then starts to increase again. This 
means that there is a certain distance 
from the centre of gravity at which the 
period of oscillation is a minimum. If 
the pendulum is hung the other way 
up, the same point can be found on the 
other side. The minimum period of 
oscillation of the compound pendulum 


TYPICAL HARMONOGRAPH CURVES 


A harmonograph device. The harmonic 
motions of the pendulums combine at right 
angles and enable the pencil to trace out 
intricate figures. The shape of the figures 
depends on the period of each pendulum and 
haw close they are when starting off. 


AN INFINITE VARIETY 
OF CURVES CAN BE 
DRAWN BY THE 
HARMONOGRAPH. THE 
PERIOD OF THE 
PENDULUMS CAN BE 
CHANGED BY SLIDING 
THE WEIGHTS UP AND 


_— 
is the same as that ofa simple pendu- 
lum the length of which is the distance 
between these two points. The value of 
g was determined in London in 1817 
using this method. 
The Time of Swing Depends on 
the Length 

The period of a pendulum depends 
directly on its length. Any variation 
in temperature could change the 
length and alter the period. In clocks 
this problem is overcome in different 
ways. Large church clocks often have 
wooden connecting rods for their 
pendulums. Wood expands little with 
heat. Often a compensated pendulum, 
which depends on the different ex- 


TYPES OF PENDULUMS 


pansions with heat of different 
materials is used in clocks. Though 
the connecting rod may expand with 
heat and lower the bob (or its support) 
expands upwards. The net result is 
that the length of the bob from the 
pendulum suspension does not change. 
The Foucault Pendulum 

One of the most celebrated historical 
pendulums is the one invented by 
Charles Foucault in 1851, to show the 
rotation of the Earth. An iron ball is 
hung at the end of a 200-foot steel 
wire. It is then drawn aside and tied 
with a thread in that position. The 
thread is burned through and the 
pendulum starts swinging slowly. The 
heavy pendulum maintains its original 
direction of swing and the Earth 
rotates underneath it. One of these 
pendulums at the North Pole if it 
kept swinging, would do a complete 
revolution in 24 hours; in London it 
would take 30 hours 40 minutes. At 
the Equator it will not appear to rotate 
at all. In the Northern Hemisphere it 
rotates clockwise; in the Southern 
Hemisphere anti-clockwise. In fact 
the number of degrees it appears to 
turn through per hour, at any place 
on the Earth, is the sine of the angle of 
latitude multiplied by 15. 
The Spherical Pendulum 

A ball swinging around in a circle at 
the end of a string is called a Conical 
pendulum. A conical pendulum of a 
certain length has the same period of 
oscillation as a simple pendulum of the 
same length. Both of these pendulums 
are special examples of the spherical 
pendulum — a ball on a string swinging 
around in an ellipse. A straight line 
(the simple pendulum) and a circle 
(the conical pendulum) are both 
extreme kinds of elipses. 

One of the interesting motions of 


TORSIONAL 


THE PERIOD OF A PENDULUM IS 
THE TIME OF ONE COMPLETE OSCILLATION 
BACK AND FORTH 


— Foucault’s pendulum in the Pantheon in 


a. 
“Ss Be 


AS THE EARTH 
ROTATES 
THE PENDULUM 


Paris. 

this pendulum is barely noticeable. As 
the ball swings around in ellipses, the 
ellipses rotate and start to trace out a 
rosette pattern. This interesting 
phenomenon can be photographed by 
means of a small torch swinging on a 
long string over a camera in a dark- 
ened room. The actual gradual turn- 


PATH OF SPHERICAL 
PENDULUM IS A 
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ELLIPSES ROTATE 
AROUND 


Christian Huygens ’ 
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Unfortunately the calculated value 
of the period of swing of the ideal 
simple and compound pendulum is only 
correct assuming that the arc of swing 
is very small. More complex calculation 
shows that the period of the pendulum 
depends on the length of the arc of 
swing. As soon as there is a variation 
in this length, an error is introduced. 
Christian Huygens investigated the 
mathematics of the finite arc of swing 
and discovered that if the top end of a 
pendulum was flexible and wrapped 
itself around a cycloidal shape (a 
cycloidal shape is that curve traced out 
by a point on a rolling circle), the 
dependence of the period on the length 
of swing was removed, and the pen- 
dulum would always keep exact time. 
He designed a clock on these principles 
but it was not built in his time. 


ing around of the ellipses is very slight, 
compared with the backwards and 
forwards oscillatory motion. 

Care must be taken in starting a 
Foucault pendulum because if it is 
accidentally given the slightest side- 
ways motion it becomes a spherical 
pendulum and will trace out an 
elliptical path. The turning around of 
the ellipses will then mask the rotation 
due to the earth. This is why it is 
started by burning a thread with a 
match so as to make it swing in one 
plane. 

The torsional pendulum is called a 
pendulum but it does not depend on 
gravity. It is a heavy body spinning 
back and forth at the end of a long 
wire, and can be used in the laboratory 
to find the resistance to twisting of the 
material of the wire. A bar swinging 
from two parallel strings at its ends is 
the Bifilar pendulum. Its period does not 
depend on the mass of the bar. 


The motion of a pendulum illustrates the 
universal law of Conservation of Energy. 
The kinetic energy (energy of motion) is 
converted into potential energy energy 
due to the position of the pendulum bo 
or to the twist in the wire) and back 
again. The energy is used up as the bob 
swings in overcoming friction of the air 
and eventually the pendulum stops. 
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ASTRONOMY 


COMMUNICATING by SATELLITE 


A TELEVISION signal beamed 
from a transmitting aerial in 
Maine, United States can be picked 
up, only 0-05 seconds later, in Corn- 
wall,England. 0-05 seconds is roughly 
the time taken for the television signals 
(which are carried by _ ultra-high- 
frequency radio waves travelling with 
the speed of light) to go up to the 
Telstar satellite, and to be reflected 
down again to the receiving aerial. 

Telstar does more than reflect the 
signal. It contains electronic circuits 
to strengthen the signal (amplify it) 
before it is retransmitted back towards 
Earth. The satellite contains about 
1,500 semiconductor diodes and more 
than 1,000 transistors, but only one in 
ten of these is involved in the trans- 
mission of television pictures. 

The other 90% are part of the 
telemetry circuits, designed to measure 
the conditions around the satellite, 
and to check how the rest of the diodes 
and transistors are affected by radia- 
tion striking the satellite. Telstar is just 
a prototype communications satellite, 
and the results of the telemetry investi- 
gations will prove useful in designing a 
practicable system for relaying signals 
all over the world. 

The amplifiers and transmitters in 
Telstar are powered by solar cells, 


TRANSMITTING 


which absorb radiation from the Sun, 
and turn its energy into the energy of 
an electric current. When the satellite 
is actually transmitting television sig- 
nals, it uses more power than the solar 
cells can supply. So, when they are not 
being used, the amplifying and trans- 
mitting circuits are switched off by 
a radio signal from the ground. The 
electrical energy from the solar cells 
is stored in nickel/cadmium batteries 
until the next transmission. 

Telstar is called an ‘active’ satellite 
because it amplifies the signal as well 
as acting as a reflector. Satellites like 
the ‘Echo’ balloons are ‘passive’ com- 
munications satellites, because they 
just reflect the signal. The metallized 
balloon is a radio wave reflector. Tele- 
vision pictures have been bounced off 
Echo, but there are no plans for 
extending the balloon type of satellite 
into a world-wide communications 
system. They are not considered suit- 
able for dealing with a great variety of 
signals. Signals are ‘scattered’ in all 


RECEIVING 
CIRCUITS 


\ RECEIVING AERIAL 


directions by a passive radio balloon, 
so only a fraction of the signals hitting 
the balloon bounces off it in the right 
direction to strike the receiving aerial. 
Signals leave the aerial of an active 
satellite in a narrow beam. 
Eventually, communications satel- 
lites will form a system dealing with 
hundreds of telephone and telegraph 
messages as well as the television 
channel. Systems of active satellites 
can solve long-distance telephone, 
telegraph and television problems. 
Because of the curvature of the Earth, 
it is impossible for these signals to be 
received at great distances along the 
line-of-sight. With some kinds of radio 
signals, it is possible to skip over the 
curve of the Earth, between trans- 
mitter and receiver, by reflecting the 


STORAGE 
BATTERIES 


TRANSMITTING 
CIRCUITS 


TRANSMITTING 
AERIAL 


Telephone conversations, telegraph messages and television pro- 
grammes can be relayed all over the Earth by means of a communica- 
tions satellite. The satellite gets its energy either from the Sun (it 
traps the Sun’s energy with solar cells) or from a radtoactive isotope. 
One aerial receives the signals — then they are amplified and 
retransmitted from the other aertal. 


radio waves from the ionosphere, a 
layer of charged particles in the 
Earth’s atmosphere. But this does not 
work for the ultra-high-frequency sig- 
nals now used for television transmis- 
sions. High frequency signals pass 
straight through the ionosphere. Even 
for the lower frequency waves the 
ionosphere does reflect, it is not a very 
reliable radio reflector, for magnetic 
storms in the Sun disturb the Earth’s 
atmosphere, and disrupt the iono- 
sphere. 

Telstar is designed to relay radio 
frequencies of the order of thousands 
of millions of cycles per second. At 
such high frequencies, a great many 
different telephone, telegraph and 
television signals can be relayed at the 
same time. Each signal is transmitted 
on a band of radio frequencies. 

There are a great many more bands 
of available frequencies around a 
thousand million cycles per second, 
than there are at lower frequencies. 

How many satellites are necessary 
for a world-wide system? Estimates 
range between a hundred and three. 
Satellites are expensive to make and 
launch into orbit, so the problem is to 
design a system, giving world-wide 
coverage, but using as few satellites as 
possible. A hundred is the number of 
satellites necessary if they are to be 
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Early Bird and Syn- 
chom satellites orbit 
22,300 miles above the 


Earth. They take one 
day to complete an or- 
bit, so seem fixed toa 
point in the sky. 


randomly distributed in orbits around 


the Earth. When satellites are 
launched into regular orbits, and kept 
there, many fewer are needed. 

Types of orbits proposed include 
circular and elliptical orbits around 
the Equator and orbits in the plane of 
the Earth’s Poles, and elliptical orbits, 
inclined at an angle to the Earth’s 
Equator. At their nearest points, 
these satellites would be about 1,000 
miles above the Earth’s surface, and 
at their most distant, 12,000 miles. 
(Telstar’s orbit ranges between 600 
and 3,500 miles from the Earth’s sur- 
face). Most of the major centres of 
communication lie in the lower lati- 
tudes (nearer the Equator), so that 
fact tends to favour orbits based on the 
Equator. 

The ‘Early Bird’ type of satellite 
needs the fewest units to make up a 
world-wide communication system — 
only three are necessary. Each of the 
satellites keeps in a circular orbit 
22,300 miles from the Earth’s Equator, 
and lying in the plane of the Earth’s 
Equator. At this distance, the period 
of the satellite’s orbit is exactly twenty- 
four hours. Since it has exactly the 
same period as the Earth, an observer 
directly below the satellite would 
think it was glued to a point in the sky. 

There is one snag with this system. 
The signals travel with the speed of 
light, but, even so, they take about a 
third of a second to travel the 50,000 
miles to the satellite and back. This 
is no drawback as far as television sig- 


nals and telegraph messages are con- 
cerned. It does not matter if the 
message arrives a third of a second 
late. But the delay might be awkward 
when a two-way telephone conversa- 
tion is being transmitted. 

In higher orbits, a satellite can cover 
a greater part of the world. It also 
reduces the danger of radiation 
damage to the solar cells, diodes and 
transistors. For higher orbits escape 
harmful radiation in the belts of radia- 
tion (the Van Allen Belts) encirling 
the Earth. 


) At frequencies around a thousand 
million cycles per second, there is 
‘room’ for a television channel, hun- 
dreds of telephone conversations and 
telegraph messages. 
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ELECTRICITY 


ALTERNATING POWER—R.M.S. 


it alternating current as good value 

for money as direct current? Are 
both as good for heating ? A direct cur- 
rent stays at a steady value all the 
time, while an alternating current 
rises up to a peak value, drops down to 
zero, and starts to build up and drop 


MEE 2 vours vc. 


A current at 240 volts D.C. would give 
the same heating effect as a current at 
240 volts A.C. This is because the to- 
and-fro nature of the current has been 
taken into account when the A.C. 
voltage is counted. 240 volts is only 
about seven-tenths of the maximum 
alternating voltage. It is the root-mean 
square (R.M.S.,) value 


A.C. (R.M.S.) 


SAME 
HEATING 


EFFECT Pod 
Oot 


—— 4 


——»! 
—. 


a.) 240 VOLTS A.C. 
(R.MS.) 


down again in the opposite direction. 
Obviously there is more electricity in 
the direct current, if it has the same 
value as the peak of the alternating 
current. 

This is taken into consideration 
when A.C. voltages are quoted, so that 
both A.C. and D.C. are as good as each 
other at heating. The mains supply in 
most parts of Britain is 240 volts A.C. 
240 volts is only a modest estimate of 
the voltage, which actually rises to 
nearly 340 volts at the peak of the 
alternating cycle. But 240 volts is the 
effective voltage of the current supply. 
The D.C. would give exactly the same 
heating effect as an A.C. voltage witha 
peak value of about 340 volts. 

The effective A.C. value is called 
the root-mean-square value. It can be 
calculated from the peak value by 
dividing the peak value by the square 
root of two. 

Averages and Mean Squares 

A root-mean-square is a complica- 
ted form of average. The simple arith- 
metical average (sometimes called 
arithmethic mean) of one, two, three and 
four is two-and-a-half. It is the sum of 
the numbers (ten) divided by the 
number of numbers (four). However, 
there is no point in quoting the simple 
average value of the mains supply 
of electric current, which flows first 
in one direction, and then in the oppo- 
site direction. It is usual to regard the 
current going in one direction as 
positive, and in the other direction as 


negative, so the average current in one 
complete cycle is nil. The positive cur- 
rent is exactly equal to the negative 
current. There is no net flow of current. 

It is nonsense to suggest that the net 
effect of the current is also nil. An 
electric fire plugged in to the mains 
soon heats up as alternating current 
flows first in one direction and then in 


Averages and Mean Squares 


The arithmetical average of |, 2, 3 and 4 
is 2-5. The root-mean-square of these 
same numbers is the square root of the 
average square, and works out to be 
about 2-74. The squares are |, 4, 9 and 
16 — total — 30. The average square is 
30 divided by 4 (4 is the number of 
numbers), or 7:5. The root-mean- 
square is thereforeslightly greater than 
the arithmetical average in this ex- 
ample. 


the other direction through the heat- 
ing element. The heating effect 
depends on the square of the current 
(the current multiplied by itself, writ- 
ten as (current)”). Whether the cur- 
rent is positive or negative, the square 
is always positive. So the effective cur- 
rent is based on the (current)?. This 
can never cancel out to nothing. 

To find the root-mean-square, the 
current at each instant is multiplied by 
itself. A graph of current against time 
shows the ‘shape’ of the current wave- 
form. It is a smooth curve, a sine-wave, 
oscillating up and down. The graph of 


current-squared (current ? is also a 


The electrons which make up the electric current have difficulty in drifting through an electrical resistance wire (such as the heating 


element of an electric fire). As a result of their collisions with atoms in the 


resistance wire, the electrons lose some of their energy. The 


energy is radiated away from the wire as heat energy. The heating effect is proportional to the resistance. It does not matter whether 


the current is one-way es al on the left) or to-and-fro (diagrams in the centre and right) — the electron current still encounters 
resistance, and there isa 
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ng effect. R.M.S. alternating current has the same heating effect as a direct current of the same voltage. 
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CURRENT IN OPPOSITE 
DIRECTION IS A NEG- 
ATIVE CURRENT. 

WHEN THE CURRENT IS 
AVERAGED OVER TIME, 
THE AVERAGE DROPS 


TIME —> 


ONE COMPLETE 
CURRENT CYCLE — 

THE NEGATIVE PART 
OF THE CYCLE EQUALS 
THE POSITIVE PART 


WHEN AVERAGED 

OVER A LONG PERIOD 

OF TIME, THE AVERAGE AVERAGE CURRENT 
CURRENT IS ZERO 


One way of finding an average current. 
The total current during one half-cycle 
is added and averaged against time. But 
as the cycle starts on its negative half 
the average drops. It becomes zero 
after a complete cycle. So, over any 
length of time, the average current (or 
voltage) works out to zero. 


smooth curve, but it has a different 
shape, and it never drops below the 
zero line. The square of the current is 
always positive, so it has an average, or 
mean square value. It is awkward to 
leave it as a squared current, so the 
square root of the mean square is 
found. This is why the effective cur- 
rent is called the root-mean-square. 
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The alternating current has a sine-wave shape. It becomes alternately positive and 
negative. The sit: wave is a (sine)? shape, and never becomes negative. 
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MEAN SQUARE IS 
HALF THE PEAK SQUARE 


What is the average squared current? The heating effect depends on the square of the 
current, so the average (or mean) squared current is obviously the value needed to 
quote as an effective current. The curve above is symmetrical. Its average value is 


exactly half its peak value. 
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At first sight, it looks as though 
formidable mathematics are needed to 
work out the relationship between the 
root-mean-square value and the peak 
value. The shape of the current- 
squared graph is a_ continuously- 
changing curve. It would be most con- 
venient if the mean square current 
were exactly half the peak square cur- 
rent. It turns out, rather surprisingly, 
to be just this. 

If the area under the current- 
squared curve is shaded in, then it can 
be seen that the unshaded parts in 
between the shaded parts are of 
exactly the same size, shape and area. 
The shaded parts cover half of the area 
topped by the line drawn through the 
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current-squared peaks. So the mean 
square current is also half of the peak 
value. 


2 
mean-square current = eak cuprent 


The root-mean-square is calculated by 


finding the square roots of both sides 


of this equation. 


root-mean-square current = ae tag 


The square root of 2 is 1 -414. The peak 
current divided by 1-414 is the same 
as the peak current multiplied by 
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| CIVIL ENGINEERING | 


N the last two hundred years great 
changes have occurred in_ the 
method of production of goods. Man, 
by the use of machines and by instal- 
ling production lines has learnt how 
to produce much more in a shorter 
time than before. Methods of tradi- 
tional craftsmanship which are slow 
have fallen out of use in most industries 
and have been replaced by mechani- 
zation. In one industry though — the 
building and construction industry — 
mechanization was slow to be adopted. 
The majority of buildings are still 
erected in the same way by the 
traditional crafts of bricklaying, slating 
etc., as they were centuries ago. 
Industrialization in building, which 
enables a lot more buildings to be put 
up in a shorter time, has now been 
introduced. The method, called system 
building or industrialized building, results 
in great savings in time and cost. 
There are many new methods of 
system building—each has its ad- 
vantages. The principle is that the 
building is made from a set of standard 
units which are either made at the 
building site or transported to it from 
a factory. System building is suitable 
either for single dwellings or large 
flats and it does not necessarily tend 
to produce stereotyped ugly dwellings. 
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INTERNAL WALLS ARE CAST IN THE, 
SPACE BETWEEN THE 
STEEL MOULDS 


In fact a great variety of pleasing 
shapes and external wall coverings is 
possible using the same basic pre- 
fabricated units. Another aspect of 
the industrialization of building is that 
some designers are standardizing the 
dimensions, so that room sizes etc. are 
made multiples of a single fixed length 
(usually 4” or 10 cm). This is called a 
modular system and it means that manu- 
facturers are able to produce standard 
sized fittings such as wash _ basins, 
windows and doors, at a lower cost. 
The Panel Method 

The most important fact about 
system building is its speed. A ten 
storey block of flats can be completed 
in 4 months. The system used for 
blocks of flats depends on the size of 
the contract. For a relatively small 
housing or flat scheme of up to 150 
dwellings, the construction company 
usually erects a factory on the site. In 
the factory the walls and floors of the 
building, called panels, are cast in a 
horizontal or vertical position. Con- 
crete is the material used and it is 
unlikely to be replaced by any other 
material for a long while as it has a 
relatively low thermal conductivity 
and is dense enough to be a good sound 
insulator. The weight of the structure 
in some buildings is borne by the 
internal walls. In other system-built 
buildings the external walls bear the 
load. 
Generally, all the concrete panels 
for one floor are cast, and allowed to 
set and harden for a week. Within 


progress. A concrete block is about to be put 
into the space made available by lowering 
one of the hydraulic jacks. When in place, 
the building will be pushed up by hydraulic 
pressure and a new set of blocks inserted one 
by one. 

that week the previously erected storey 
is finished off, the panels are cemented 
together at their joints and the floor 
covering is laid. 


The ‘Sectra’ System 


Assembly of ready made parts into their place on the building is one way of speeding 
up construction. Another way is to accelerate, by heat, the hardening of concrete cast 
in position on the building. Thé ‘Sectra’ system instead of ordinary wooden shuttering 
uses steel moulds shaped like three sides of a rectangle and heated by hot water. The 
moulds for each storey are placed in rows on each floor with spaces between them for 
the internal walls. A mesh of reinforcement is put on top of the moulds and concrete 
is poured on so that it fills the spaces between the moulds (forming the internal walls) 
and covers the reinforcement on top making the ceilings. Then hot water is pumped 
through the moulds. The concrete hardens and after 13 hours the moulds can be taken 
away. The ‘Sectra’ system is suitable for a building with an ‘egg box’ construction. 
Usually the left hand side of one storey is cast — then the right hand side, and the casting 
of the next storey is then started on top of the left hand side. Using this system the 
structure of a 15 storey block can be erected in 30 working days. 
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The ‘Jackblock’ Method 


Buildings which are constructed around a strong hollow core (containing the lifts and 
staircases), and from which the floors are cantilevered (i.e. supported at one end so that 
they protrude out like a balcony), can be very easily erected by the ‘Jackblock’ system. 
It is also suitable for erecting the ordinary beam and column supported structure. In 
the ‘Jackblock’ system for a cantilevered structure all the building is done at lower 
levels and the finished building is then pushed up by a set of hydraulic jacks under the 
central core. An extra storey is built and pushed up every alternate week. 

The main advantage of the ‘Jackblock’ method are that all work is completed near to 
the ground inside a protective ‘factory’, cranes and scaffolding are not needed, and 
valuable time is not spent hoisting men and materials up and down the full height of 
the building. 

The first step is to lay down the foundations. The hydraulic jacks are set up on these 
foundations, and the casting bed, or mould, for the floor slabs is erected over this. 
Concrete for the roof slab is poured into this mould. When it has set hard, jacking begins. 

The system is that one jack underneath the core is lowered the depth of a concrete 
block and a concrete block put in the space. After this has been done for all the jacks 
in turn, the building is pushed up by hydraulic pressure and the procedure repeated. 

When the roof slab has been raised to a required level above the casting mould, 
concrete for the slab for the top floor is poured into the mould. When this has set 
hard it is pushed upwards in turn. The process is repeated, floor by floor being pushed 
up until finally the lowest slab is cast at the bottom of the building. 

Each jack is of 220 ton pushing capacity and when the core is being raised, it is pushed 
up at a rate of one inch every three minutes. Jacking takes place every alternate week 
and during the week the slab for the floor below is cast. 

After the floors are cast they are pushed upwards through a four storey high site 
‘factory’. The building moves upwards past fixed working levels as in a vertical assembly 
line process. Precast floor slabs are laid at the first level; external walls and partitions 
are fixed at the second; bathrooms, kitchens and doors at the third. 

‘Jackblock’ is suitable for sites in mining areas and in the earthquake regions of the 
world where tilting of the foundations is a hazard. If the building tilts after some years 
the jacks can be reinserted under the core by removing a block one at a time, and the 
building made vertical again. 


The Panel system of building — whole blocks of flats are quickly erected from component 
parts (panels) made on the ground in factories. The parts, which are exactly made are lifted 
into position by crane and erection proceeds without interruption. Finishing tradesmen — 
plumbers, plasterers, painters and electricians follow closely behind the erectors. Openings for 
pipes and wires are already present for they were cast into the panels during manufacture. 


EACH FLAT IS 4 
MADE AS 
A SERIES OF 


COMPONENT PIECES. 

THE PIECES ARE DELIVERED 
TO A SITE AND 

ERECTED BY 

CRANE 


The moulds for making the castings 
are situated all around the building. 
In the centre is a tower crane so placed 
that it is able to lift any of the castings 
on to any section of the building. 

After all the panels for the walls and 
floors for one storey have been lifted 
into place, the crane then lifts into 
each flat a case containing all the 
fittings for the flat such as radiators, 
etc., before the floor for the next 
storey is put on. The surfaces of the 
concrete panels are very smooth and 
if they are for outside walls usually 
have a decorative pattern cast on 
them, so that no external painting is 
needed. Openings for electrical wires 
or pipes are cast into the panel when 
it is being made. 

The panel method, though widely 
used, may be an evolutionary stage in 
industrial building. In the future it is 
probable that the individual living 
units, i.e. a whole flat with bathroom, 
bedrooms and connecting stairs, etc., 
weighing about 20 tons, will be carried 
to the site on a lorry, and lifted into 
its position on the building by a giant 
overhead crane. Such a method is 
now being used, and is undergoing 


development. 
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walking bet 
a minimum. 
the perfect sol 
could only be hit on by c by the 
architect, as it is essentially a mathe- 
matical problem in linear i ramming. 
_ If a computer is used to find the solu- 
tion, the number of activities between 
the rooms (e.g. bringing meals from 
the kitchens to the wards) and the 
volume of these activities is fed into 
_ the computer. Seven is usually the 
maximum number of activities which © 
can be handled as above this the prob- | 
lem is too complex. The computer 
calculates the amount of walking for 
each solution very rapidly and finally 
- picks the optimum design so that the 
- to and fro traffic between the rooms is 
as little as possible. A similar type of 
problem to this which can also be 
- solved by computer, is the design of 
the controls on a large control panel 
so that the movement of the operator’s 
hands is a minimum. | 
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| APPLIED SCIENCE | 


RADIATION SHIELDING 


MANY nuclear reactors look huge 
from the outside, although the 
space occupied by the reactor itself is 
comparatively small. Lead and thick 
layers of concrete are built around the 
reactor to shield the workers outside 
from the dangerous radiation inside. 
The concrete layer is several feet 
thick. The best way of protecting 
against most penetrating kinds of 
radiation is to put a large amount of 
dense material around the radiation 
source. 
The concrete and the lead are 
mainly to trap gamma rays, the most 


Alpha particles have only short ranges. 
Paper will stop them. 
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penetrating and dangerous forms of 
radiation. The energy of the gamma 
ray is absorbed by atoms in lead and 
concrete. The more atoms there are, 
the greater the chance that the gamma 
ray will be absorbed before it reaches 
the outside. 

Gamma rays are a form of electro- 
magnetic radiation — the rays are similar 
to visible light rays, but carry much 
more energy and are more powerful. 
Other common types of radiation are 
particles. 

Alpha particles, the nuclei of atoms 
of helium, present few shielding prob- 
lems. In air, they have ranges of only 
a few inches before they lose their 
energy in repeated collisions with air 
molecules. A sheet of paper can stop 
an alpha particle. 

Beta particles (negatively charged 
electrons) are smaller. They carry only 
one unit of negative electric charge, 


and can usually travel farther before 


they are stopped. A sheet of plastic 
shields against most of the lower- 
energy beta particles. The thickness of 
the plastic shield depends on the 
energy of the beta particles. Faster 
beta particles, with more energy, 
require a thicker layer to stop them. 
When beta particles are stopped in 
matter, part of their energy is radiated 
as a form of electromagnetic radiation 
called Bremsstralung radiation. Its 
energy can vary enormously, from 
practically nothing up to the maxi- 
mum energy of the beta particles 
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Beta particles are best stopped by 
lighter materials, such as plastic. 
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which caused the radiation. Brems- 
stralung radiation is far more pene- 
trating than the original radiation, 
and it is an additional hazard when 
the amount of radioactive beta par- 
ticle-emitting material is large. Heavy 
elements emit more Bremsstralung 
radiation than light elements, so this 
is why light plastic materials are most 
suitable to protect against beta par- 
ticle emission. 

Neutrons are very penetrating, and 
difficult to stop. They do not interact 
with matter because they carry no 
electrical charge. But some elements, 
notably boron and cadmium, absorb 
neutrons readily. Where there is a 
danger from neutrons, a thin layer of 
boron or cadmium acts as an effective 
absorber. 

A thick layer of heavy material may 
be a good shield, but it is a nuisance 
when an experiment is being carried 
out inside the shielded area. A few 
inches of transparent lead glass (glass 
containing lead) are usually sufficient 
to absorb most dangerous radiation. 
Lead glass is naturally much heavier 
than ordinary glass. It must, however, 
be stabilized — specially treated so that 
it is not blackened by gamma-radia- 
tion. 

Zinc bromide solution is used for 
viewing port-holes through several 
feet of concrete. This brownish liquid 
is more transparent than glass to 
visible radiation, but it stops gamma 
rays. 
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Heavy lead glass absorbs gamma rays. 
The glass must ws stabilized, so that it 
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ATOMIC PHYSICS | 


WORK FUNCTION 


HEN a kettle of water is heated to 

its boiling point, water mole- 

cules leave the surface and pass into 

the air above the liquid. When a piece 

of metal is heated, electrons leave the 

surface of the metal and pass into the 

space above the metal surface. This 

property, called thermionic emission, is 

used in every valve and cathode ray 
tube. 

Both water molecules and electrons 
need heat energy to drive them away 
from the surfaces, because they are 
normally held there by forces of attrac- 


tion. All particles exert a force of 
attraction on their neighbours — this is 
a consequence of the law of gravita- 
tion, and applies equally to molecules 
in a liquid, solid or a gas, or to the 
planets and the Sun. But electrons are 
held in a solid by an additional set of 
powerful electrical forces. 

In a solid metal the vast numbers of 
positively charged nuclei are surroun- 
ded by just enough negatively charged 
electrons for all the positive charges 
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to be neutralized. If there were say, 
10,000,000 positive nuclei each carry- 
ing 65 units of positive charge, then 
there would normally be 650,000,000 
electrons present in the metal to pro- 
duce a neutral lump of metal. 

What happens if some of the elec- 
trons are ‘boiled off when the metal is 
heated ? Some of the positive charges 
on nuclei are no longer neutralized by 
electrons; so the metal is no longer 
electrically neutral but is positively 
charged. It is a basic law of electricity 
that unlike charges attract each other. 
On the escaping electrons therefore a 
force of attraction acts and tries to stop 
them from leaving. This force is there 
only because the positive charge left 
behind them draws them back. 

In the solid, this effect is called the 
wmage effect because each escaping 
electron leaves behind an ‘image’ 
charge equal in size but of opposite 
charge. 

Potential wells in solid 

Both water molecules in the liquid, 
and electrons in the solid are ‘trapped’ 
because they need to be given energy 
to escape. This is often represented by 
thinking of the electrons as being in a 
potential well. The electrons are at the 
bottom of the well, and need to be 


lifted out by the energy they receive. | 


But the electrons do not fill the well 
like water does. They can occupy only 
certain energy bands. At the absolute 
zero of temperature the electrons 
occupy only lower bands in the well. 
As the temperature is increased the 
electrons receive more energy and 
pass into higher bands further up the 
well, and if they receive still more 
energy they leave the well altogether. 
Some electrons are then emitted al- 
though the actual number that leaves 
is a very small proportion of all the 


The electrons in the metal are trapped in 
a potential well due to the force of attrac- 
tion on them. If they are given sufficient 


energy they can clear the well and leave 
the metal. The work done in leaving the 
well is the work function. 
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When a metal is heated 
more and more electrons 
are given enough energy to 
leave the surface. They 
leave behind a positive elec- 
trical ‘image’ that tries to 
draw them back into the 
metal. 


electrons in the metal. 

The amount of work that has to be 
done to lift an electron up the sides of 
the potential well and clear of the 
metal is called the work function. Each 
different material has its own work 
function. In an electronic valve the 
cathode is coated with a mixture of 
chemicals of small work function so 
that when heated, the cathode can 
provide a copious supply of electrons. 
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| BIOLOGY | 


EPIDERMAL 
Sa THE FORMATION 
OF CROSSWALLS 
MAY FORM A MANY-CELLED 
TRICHOME 


TRICHOMES - PLANT HAIRS 


HE inside tissues of plants are 
protected by a tough outside 
layer called the epzdermis. The cells 
which go to make the epidermis are 
usually short and squat. They have 
thick walls ean with fatty 


—s DLD ROOT HAIRS 


NEWLY FORMED 
ROOT HAIRS 


(ROWING TIP OF ROOT 


Root hairs develop just behind the growing 
tip of the root. They increase the surface 
area through which water is absorbed. 


substances and so are impervious to 
water. In addition they are tightly 
packed together leaving no spaces 
between them for gases to penetrate. 

Some epidermis cells also grow out- 
wards. In this way they form appenda- 
ges or trichomes. Trichome comes from 
a Greek word which means a growth 
of hairs and many of the appendages 
do in fact resemble in pt neni the 
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hairs of mammals. But other trichomes 
are small and merely appear as 
numerous small ‘bumps’ while a few 
are modified into scales. 

The shape, size and structure of the 
trichomes depend upon their func- 
tions — whether they are required for 
absorption, protection, support, seed- 
dispersal or secretion. 

Trichomes for Absorption 

The trichomes which cover the roots 
of plants are called root hairs. Their 
function is to increase the water- 
absorbing surface area of the root. The 
hairs are usually tubular in shape and 
grow directly outwards from the epi- 
dermal cells of the main root. Usually 
they are made of one cell only (unicel- 
lular) and are very small in size — 
between 5 and 20 microns in diameter 
and 80 and 1,500 microns in length (a 
micron is equivalent to one-thousandth 
of a millimeter). Their walls are thin 
and most of the inner cavity is occu- 
pied with a large vacuole or space. 
Living protoplasm is concentrated 
about the ‘sides of the cell. The life of 
each hair is generally a short one. The 
cell collapses and the hair sloughs off. 
But as the root grows in length new 
hairs develop near the root tip. The 
old hairs are being replaced continu- 
ally. A few hairs are known to live 
much longer but their walls become 
lignified (woody). They can no longer 
absorb water and mineral salt from 
the soil. 

Trichomes for Protection 

Numerous plant stems and leaves 
are covered with hairs. A series of 
botanical terms are used to describe 
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the degree of hair development — from 
ciltose (slightly hairy) to glabose (covered 
in hair). Thick coats of hair trap a 
layer of air against the plant surface. 
This layer, undisturbed by air cur- 
rents retains its moisture and also its 
temperature. Plants growing in cold 
climates or regions exposed to the 
drying conditions of strong sunlight or 
wind frequently have stems and leaves 
well covered in hair. 

The hairs may consist, like root 
hairs, of only one cell (unicellular) or by 
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CUT-AWAY SECTION OF 
THE SHIELD-LIKE PELTATE HAIR. 
LIKE OTHER HAIRS, 

THEY MAY . 
GIVE PLANTS A FURRY APPEARANCE 


the formation of dividing walls, they 
may come to be many celled (multi- 
cellular). Unicellular and multi-cellular 
hairs may be branched or unbranched. 
The multi-cellular hairs may consist 
of one row of cells or many rows. 
Sometimes the hairs are short-lived. 
They are needed for protection only 
when the plant structures are in their 
early stages — then they are shed. Of 
the more persistant hairs, some retain 
their fecnaties a and keep their green 
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appearance. Others lose their living 
contents, and the empty space inside 
them fills with air. Such hairs reflect a 
great deal of the light that falls upon 
them and they give the plants a white 
or sheeny appearance. 

Trichomes may also develop on the 
petals of flowers. They are so small that 
they cannot really be called hairs. 
Instead they are called papillae. They 
give the petals a soft, velvety appear- 
ance and prevent them from becoming 
wet. 

Other trichomes develop as scales — 
the so-called peltate hairs. They are 
shield-shaped and are usually attached 
to the plant surface by a short stalk. 
They are most usually found on the 
underside of leaves protecting the 
‘breathing’ pores of the plant (stomata). 
They also develop on some young buds 
and give protection against desicca- 
tion. 

The cell walls of trichomes are 
commonly made of cellulose. They 
may however become _lignified 
(woody) or even stiffened by deposits 
of either silica (SiO,) or calcium 
carbonate (CaCQs). The sharp rigid 
hairs give the plant protection against 
small crawling animals such as slugs 
and snails. 

Stiff hairs may also assist plants in 
climbing and adhering to surrounding 
surfaces.On some climbing plants the 
hairs may even be hooked e.g. goose- 
grass. 

Extreme types of climbing aids are 
the thorns on roses and brambles. 
Strictly speaking they are not true 
trichomes for both epidermal and 
underlying cortical cells go to form 
them. They are called emergences in- 
stead. 

Trichomes for Secretion 

Unicellular and multi-cellular hairs, 
even the shield-shaped peltate hairs, 
one or more cells forming a secretory 


MANY-CELLED 
SECRETORY HAIR 


HAIR 
COVERING 
SEEDS 


Seed Dispersal 


Cotton fibres are really plant tri- 
chomes. These trichomes, also known 
as cotton seed hairs, are particularly 
long. Though each hair is made only 
of one cell it may elongate until it is 
over two inches long. Cotton is found 
covering the seeds of the cotton plant. 
The function of the hairs is to aid in 
wind dispersal of the seed. Many other 
seeds are equipped with hairs for wind 
dispersal —for example willow and 
willow herb. 


may be capable of secretion. Special 
chemical compounds come to be 
formed inside them which when re- 
leased perform some special function. 
Secretary trichomes form some of the 
most important glands found in the 
plant kingdom. The most common 
glandular hairs are multi-cellular — 
a number of cells forming a stalk and 
head. The actual secretory cells of the 
structure have large nuclei and dense 
protoplasm. Droplets of secretion can 
be seen inside the living tissues of the 
young cells. By the time the cell is 
mature the fluid has usually come to lie 
between the cellulose wall and the 
cuticle. When the cuticle breaks down 
the fluid is released. 

The substances secreted vary with 
plants — resins, gums, volatile oils, 
mucilage. Sometimes the oils are scen- 
ted and give plants their characteristic 
fragrance e.g. lavender. 

Very special kinds of glandular 
hairs are the stinging hairs. They are 


MULTICELLULAR 
STALK 


perhaps best known on the common 
nettle. The hair is made of a single 
secretory cell embedded in a multi- 
cellular epidermal stalk. The cell 
walls of the secretory cells are rein- 
forced with calcite in the lower half 
and silica in the upper regions. Within 
the living protoplasm is a large vacuole 
filled with a complex chemical poison. 

Quite broad at its base, the hair 
tapers to a point near its apex, and 
then expands into a small spherical 
tip. If the hair is disturbed by. an 
animal the tip breaks off along a pre- 
determined line of weakness; the 
sharp tip of the stinging hair is left 
exposed. It penetrates a skin surface 
easily. The compression of the bladder- 
like stalk drives the poison material 
contained in the main part of the 
secretory cell into the wound. The 
poison is a.complex substance known 
to contain a histamine and an acety- 
choline. Inside the skin, it sets up an 
irritation and causes swellings and 
flushings of the skin surface. 

Stinging is not confined to the 
nettle. A few plants belonging to three 
other families are known to have 
stinging hairs. One Indian stinging 
plant Tragia cannabina has, as a needle 
a crystal of calcium oxalate. If the 
stinging cell is depressed by contact 
with a passing animal, the crystal is 
forced forward, penetrates the skin, 
and breaks off. Poison enters the body 
of the animal through the puncture. 

Though the hairs differ in detail, 
their manner of operation is very much 
the same. But the severity of the 
poison, however, varies. In the case of 
the Devil or Fever Nettle of West 
Africa it can cause fever and some- 
times death. So powerful is the poison 
that even wild elephants are said to 
avoid coming in contact with the 
plant. THE STINGING HAIRS 

FOUND ON THE STEMS AND ON THE 
UNDER SURFACES OF LEAVES 


LENS COMBINATIONS 


Q)PTICAL systems — for example 
microscopes, telescopes and 
cameras — usually contain — several 
lenses. When designing a combination 
of several lenses it is unnecessary to 
know the way light rays are bent 
(refracted) each time they enter or leave 
a lens. Whether the final image is large 
or small, real or virtual, situated at 
infinity of a fraction of an inch away 
from the eyepiece lens, the features of 
the final image can be found by a 
simple construction once a few simple 
facts about the lenses are known. 
The properties of individual lenses 
and lens combinations can be found by 
experiment. Certain points associated 
with the lenses are called the cardinal 
points. These are important because 
each of the rays constructed in the ray 
diagram goes through at least one 
cardinal point. The cardinal points 
are called the principal points, the 
principal foci and the nodal points. In a 
lens combination they can be found 
by experiment, and also by calculation 
from the cardinal points of individual 
lenses. 
The Principal Points and Planes 
A single thin lens has one principal 
point and two principal foci. It is usual 
to represent the thin lens as a line — 


PRINCIPAL FOCUS 


the principal plane. All the light-bending 
takes place at the principal plane, 
which cuts the optical axis of the lens 
at the principal point. Rays passing 
through the principal point are not 
bent. 

All rays from the object which are 
parallel to the axis, pass through one 
of the foci after they have travelled 
through the lens. The two principal 
foci are on either side of the lens, one 
for rays approaching it from the left 
hand side and the other from the right 
hand side. To find the position of the 
image formed by a single thin lens, 
two rays only need be drawn in. One 
of these goes from the top of the object, 
parallel to the optical axis, and bends 
at the principal plane to go through 
one of the principal foci. The other ray 
is not deviated, because it goes from 
the top of the object through the 
principal point of the lens. The two 
rays intersect at a point, which marks 
the top of the image. 

When there are two or more lenses 
in the system, or when the lens is thick 
instead of thin, there are two principal 
planes. But these are not necessarily 
in the same position as the lenses. The 
principal planes are in fact defined 
as the planes where the magnification 
is one — the image is exactly the same 
size as an object situated at one princi- 
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Light passing through a lens is actually 
bent at each surface. Meith in 
simple ray diagrams it is possible to 
distagura his and draw all the bendin 

at a single line (the ps suane) 
‘running down the centre of the lens. 


pal plane, and also on the same side 
of the optical axis as the object. For a 
single thin lens this can happen at 
only one point — at the lens itself. With 
two lenses there are two possible points 
which can be found by projecting an 
object into the system, and finding the 
point where the image is the same size, 
with a travelling microscope. Alter- 
natively, the position of the principal 
points can be calculated from the 
focal lengths of the individual lenses, 
and from their distance apart. 

The focal length of the combination 
can also be found by experiments 
(which are similar to methods used for 
single thin lenses). But it, too, can be 
calculated from the focal lengths of 
the constituents. A simple mathe- 
‘matical relationship exists between 
them. 

When the principal points and 
principal foci have been found the 
position of any image can be found by 
drawing the path of two rays — the 
same two rays used for constructing 
the image in a single thin lens. The 
first of the two rays travel parallel to 
the optical axis until it meets the first 
of the two principal planes. What 
happens between the two principal 
planes is of no consequence. The ray 
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must emerge from the second at 
exactly the same height above the 
optical axis. This follows from the 
way the principal planes are defined. 
An object placed at one principal 
plane gives rise to an image at the 
other principal plane, of the same size 
and one the same side of the axis. 


Finding the principal planes of a lens combination. These are the planes which give a 
magnification of one. The principal planes will probably occur in the middle of the system, 
where it is impossible to site an object. So the object, an illuminated scale, is projected into 
the combination. An image the same size is found with a travelling microscope. 
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LENS COMBINATION 


On emerging from the second prin- 
cipal plane, the constructed ray is bent 
so that it passes through one of the 
foci. 

The second constructed ray is the 
one which does not change direction 
as it passes through the system. It is 
drawn from the top of the object, 
through to the first principal point. 
This ray makes a certain angle with 
the optical axis. Again, it does not 
matter what happens between the 
two principal planes. Another of their 
properties is that a ray arriving at one 
principal point travels away from the 
other along a path making the same 
angle with the optical axis. The in- 
coming ray and the outgoing ray are 
therefore parallel to each other. 

Together these two rays define the 
position of the top of the final image. 
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DYNAMICS 


UNIVERSAL JOINTS 


OST of the universal joints used 
in car transmission systems are 
very similar to the joint invented by 
Robert Hooke in 1676. Power is trans- 
ferred from the engine and gearbox 
along the propeller shaft. In most cars 
the engine is at the front and the 
driving wheels at the rear. As the car 
goes over bumps in the road, or rounds 
corners, the rear wheel axle moves 
up and down relative to the front of 
the car. So the angle between. the 
shaft leading from the gearbox and 
the shaft leading to the rear axle varies. 
The universal joint enables the twist- 
ing movement driving the rear wheels 
to be transferred from one shaft to 
the other shaft when the two shafts 
are not parallel and when the angle 
between them varies. 


Hooke designed his joint for ‘de- 
scribing all manner of dials’ — for 
showing the amount of twist in one 
shaft on a dial which was at an angle 
to the first shaft. He probably intended 
it ‘to be used in astronomical instru- 
ments, but he realized that the joint 
could be applied to all kinds of 
movements. 

In Hooke’s original joint both the 
driving shaft and the driven shaft have 
semicircular pieces of metal — yokes — 
fixed firmly to their ends. So the yokes 
rotate with the shafts to which they 
are attached. The yokes are joined by 
a cross-shaped piece of metal, a spider. 

Two opposite arms of the spider fit 
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into bearings at the ends of the yokes. 
The spider is free to swivel around in 
the bearings. When the two shafts 
are in line, the yokes are at right angles 
to each other. The driving shaft 
rotates, and, because both shafts are 
connected by a rigid spider, the driven 
shaft rotates also. 

If the shafts are a few degrees out of 
line, the spider is swivelled round in 
the yoke bearings, but the driven 
shaft continues to turn. It must turn 
the same number of times per second 
as the driving shaft. 

During part of each rotation, how- 
ever, the driven shaft rotates faster 
than the driving shaft, and during 
other parts of the rotation, it rotates 
slower. There are only four positions 
in each rotation where the two shafts 
are rotating at the same angular velocity 
(the angular velocity is the angle 
through which the shaft turns each 
second). If the first shaft rotates at 
constant speed, the second rotates 
alternately faster and slower than 


the first shaft. The difference in 
angular velocity between the shafts 
increases as the angle between the 
shafts increases. 

Most cars have two universal joints 
in the transmission. This is necessary 
because the gear-box shaft and the 
rear axle are at different levels. 

The first universal joint is at the 
gear-box end of the car. If the driving 
shaft for this joint rotates at constant 
angular velocity, the driven shaft (the 
propeller shaft) rotates jerkily (with a 
varying angular velocity). But the 
propeller shaft is only an intermediate 
shaft, driving another universal joint. 
Here the reverse happens. The driving 
shaft is jerky, while the driven shaft 
rotates at constant angular velocity. 
This, - however, works only if the angles 
involved at each joint are the same — 
i.e. only if the first shaft is parallel to 
the last shaft. As the car moves over 
bumps, this is not so, but the change 
in angle is small enough for its effec: 
on the angular velocity of the shaft to 


If a shaft is divided by two Hooke’s joints, and the end parts of the shaft are parallel, the two 
joints form a constant velocity coupling. Variations in angular velocity at the first joint 
are cancelled out at the second joint. Below. Two universal joints in a car transmission. 
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A cut-away diagram of a modern version of Hooke’s joint. Two arms of the cross-shaped 
spider fit into bearings on each yoke. Needle bearings are used in this universal joint to 


reduce friction. 


be negligible. 

The modern forms of the Hooke’s 
joint are in principle the same as 
Hooke’s original joint. The shape of 
the yokes is modified, and the spider 
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rolls around in special bearings, de- 
signed to reduce friction to a mini- 
mum. 
Constant Velocity Joints 

Hooke’s joints are adequate for 
conventional cars, which are steered 
through the front wheels and driven 
through the rear wheels. The maxi- 
mum angle these joints can accom- 
modate is about 18°. In cars with front 
wheel drive, however, the car is both 
steered and driven through the front 
wheels. The universal joint has to 
accommodate not only an up and 
down movement as the car travels 


over bumps, but a much larger angular 
change as the car is steered. If a 
Hooke’s joint were used, the front 
wheels would be turned in a series of 
uneven jerks, and this would result in 
vibration and excessive wear. 

Constant velocity universal joints are 
used instead. ‘lhe part of the joint con- 
nected to the driving shaft envelops 
the end of the driven shaft, so that 
the driven part rotates inside the 
driving part. In the gap between the 
two are either four or six steel balls. 
One side of each ball lies in a groove 
in the driven part, while the other side 
fits into a groove in the driving part. 
When the driving shaft turns, the 
driven shaft must turn the same num- 
ber of times each second, for the balls 
are not free to move around the joint, 
relative to either part of it. So the 
balls act like a rigid coupling in this 
direction. 

The grooves are machined so that 
the balls can move length-wise (in the 
same direction as the axis of the shaft). 
When the shafts are tilted at an angle 
to each other, the balls are rolled 
length-wise in their grooves. But, 
since each ball still fits into two 
grooves, the shafts remain rigidly 
coupled for turning movements. 

The grooves are curved so that a 
line joining the centres of the balls 
always bisects the angle between the 
shafts. This condition is essential to 
avoid jerkiness in the driven shaft. 

Universal joints are used in almost 
all kinds of machinery, including loco- 
motives and machine tools. 


A cut-away diagram of a constant velocity joint, as used in front-wheel drive cars. As the car is 
steered, the angle between the shafts varies considerably. The angle 1s too large to be accom- 
modated by a Hooke’s joint — which would give rise to excessive vibration and wear. 
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| PHYSICAL CHEMISTRY | 


OSMOTIC PRESSURE and 
MOLECULAR WEIGHT 


A RAW egg, from which the shell 

has been carefully removed by 
the action of dilute acid, will quickly 
lose its characteristic shape and shrivel 
if it is placed in a strong solution of 
sodium chloride. However, the egg 
will rapidly regain its original size 
and shape when it is transferred to a 
beaker of pure water. If it is left in this 


; Calculation of the Molecular 
r Weight of a Sugar 


A solution containing 12 grams per 
litre of a sugar was found to have an 
osmotic pressure of | -59 atmospheres 
at.23°C. 
The gas law PV = RT is used. 
If the unknown molecular weight 
is M, then 
M 
12 
T (the absolute temperature) 
= 23 + 273 = 296°A 
R (the gas constant) = 0-082! 
_ PV _ 1-59 XM 
nia ae ee 
0-821 x 12 x 296 
= ———__—_— = 183 
59 


V= 


M 


The molecular weight is therefore 183. 


beaker for more than a few minutes, 
the egg will continue to swell and may 
eventually burst. 

These changes occur because the 
egg is surrounded by a special type 
of membrane —a_ semipermeable mem- 
brane — through which water can pass 
quite easily. However, the soluble salts 


within the egg and any substances 
dissolved in the water surrounding the 
egg cannot pass through this mem- 
brane provided it is intact. Should the 
membrane be damaged in any way, 
the dissolved substances will pass 
through as well. 

The solvent passes freely through 
the membranes in both directions, but 
rather more solvent passes from the 
side of the membrane where the 
concentration of dissolved substance 
is least. The strength of the solution 
within the raw egg is moderate, so 
when the egg is placed in water more 
water molecules pass through the 
membrane into the egg than come out 
of it. This explains why the egg swells 
when it is placed in water. The net 
effect is always to reduce the strength 
of the more concentrated solution in 
an attempt to make the strengths of 
the solutions on either side of the 
membrane equal. 

The spontaneous flow of fluid 
through a semipermeable membrane 
is known as osmosis. Many living cells 
are enclosed in semipermeable mem- 
branes so that osmosis is very import- 
ant in the transfer of fluids to them. 
The force which causes osmosis is 
known as osmotic pressure. The size 
of this force may be found by applying 
a small pressure to the side of the 
membrane on which the concentration 
of the solution is greater and stopping 
the flow of solvent through the meim- 
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Semipermeable Membranes 


Although various semipermeable 
membranes are available from natural 
sources they are very susceptible to 
damage once they have been removed 
from the parent plant or animal. One 
of the few exceptions is parchment — 
a paper-like writing material prepared 
from the skin of sheep or goats. Parch- 
ment is, therefore, used in some 


experiments in osmosis, but artificially 
prepared membranes are preferred. 
For many of his experiments Pfeffer, 
and other investigators after him, used 
a semipermeable membrane made of 


copper ferrocyanide (Cu,[Fe(CN),]). 
This is made by the action of dilute 
copper sulphate on a dilute solution of 
potassium ferrocyanide. As this mem- 
brane is very thin and fragile it has to 
be supported on a strong porous 
framework, and a porous pot was 
found to be suitable. To obtain the 
membrane in the walls of the pot, the 
pot itself is filled with dilute copper 
sulphate solution. The whole pot is 
then immersed for a few days ina dilute 
solution of potassium ferrocyanide. 
To remove air bubbles from the pores, 
the pot must first be put in a vacuum 
vessel for a while. 


brane. This may be done using a 
mercury column, or the solvent itself 
may be used to provide the pressure 
head. 

Many of the early investigations 
into the phenomenon of osmosis were 
carried out by botanists, including a 
German professor — Wilhelm Pfeffer 
(1845-1920). The first results were 
qualitative rather than quantitative 
but in 1885 Jacobus Henricus van’t 
Hoff (1852-1911) reviewed Pfeffer’s 
results and noticed a parallel between 
osmotic pressure and gas pressure. 

Pfeffer himself had shown that by 
increasing the concentration of the 
stronger solution its osmotic pressure 
rose. However, van’t Hoff found that 
the numerical results could best be 
interpreted if an alternative method 
were used for expressing the con- 
centration of the solution. Instead 
of using conventional units (e.g. grams 


per litre), he found the volume (in 
litres) which contained one gram 
molecule of the dissolved substance. 
(A gram molecule is the molecular 
weight of the substance in grams). 
Using a series of measurements of the 
osmotic pressure of sucrose solutions 
of various strengths, van’t Hoff found 
that at constant temperature the 
osmotic pressure (P) was related to the 
volume (V) containing one gram mole- 
cule in precisely the same wav as the 
pressure and volume of a gas vary in 
accordance with Boyle’s Law. 

Van’t Hoff also found that the os- 
motic pressure (P) of a solution in- 
creases if the temperature (7) rises. 
This variation follows exactly the 
same pattern as the changes in 
pressure of a gas which is heated 
while its volume is kept constant. 

So osmotic pressures obey similar 


NUCLEUS 


WATER PASSES 
IN AND KEEPS 
CELL TURGID 
SALT. SOLUTION 


Osmosis in Plant Cells 


Osmosis can be studied quite easily 
in plant cells. The cells are surrounded 
by a stiff outer wall which is lined with 
living protoplasm. Inside the proto- 
plasm there is a space (vacuole) full of 
liquid (sap). The pressure of the sap 
presses the protoplasm against the 
cell wall just like air in a football 
presses the bladder against the case. 
The protoplasm is selectively semi- 
permeable and lets water and some 
dissolved salts in. If the cell is put into 
a strong solution, water will pass out 
of the cell which will then lose its 
turgar and the protoplasm will shrink 
away from the cell wall. If the cell is 
then put into pure water, water will 
pass into the sap and push the proto- 
plasm against the wall again. If the cell 
sap is very concentrated it may absorb 
enough water to burst the cell wall. 
Normally the cell wall is strong enough 
to overcome the osmotic force. 

All water-living animals, unless they 
have impermeable skins, must have 
some method of getting rid of the 
excess water that they absorb. The 
process is called osmo-regulation and 
is found in many types of animal. If they 
did not get rid of the water they would 
burst for the cells have no cellulose 
wall like plants have. 


The more concentrated the solution the 
smaller the volume of liquid that contains 
the gram-molecular weight. Glucose, for 
example, has a molecular weight of 180, 
so 18 litres of the solution contains 180 gm 
(the gram molecular weight) if the con- 
centration 1s 10 gm/|litre. 


laws to gas pressures. In fact the 
osmotic pressure of a solution may be 
regarded as the pressure which the 
dissolved substance would exert if it 
were a gas occupying the same volume 
as the solution at the same tempera- 
ture (on the absolute scale). The Gas 
Law relationship of osmotic pressures 
is valid only for dilute solutions. Just 
as the PV = RT law fails with gases 
at high pressures, so too does it fail for 
the osmotic pressures of solutions if 
the strength of the solution is high. 

Another limitation on these laws is 
that they apply only to solutions of 
substances which have not dissociated 
into ions. If the dissolved substance 
does dissociate, the osmotic pressure 
is higher than predicted because the 
number of particles in solution is 
larger than if all the molecules of the 
dissolved substance had remained un- 
ionized. The proportion of molecules 
which have ionized can be found by 
comparing the actual and theoretical 
osmotic pressures. 

Thus with the reservations that 
measurements are carried out with a 
dilute solution of substances which do 
not dissociate in solution, this type of 
determination may be used as a means 
of determining molecular weights. 


LEVEL OF LIQUID 
SES WITH INCREASE 


Measuring Osmotic Pressure 


This diagram shows a simple 
apparatus which can be used for 
measuring the osmotic pressure of a 
dilute sucrose solution. A piece of 
‘Cellophane’ or alternatively a piece 
of parchment is securely fastened 
over the end of an inverted thistle 
funnel. A strong solution of sucrose 
(of known concentration) is care- 
fully introduced into a bowl of the 
funnel which is then immersed in a 
beaker of water. 

Water immediately starts to pass 
backwards and forwards through 
the membrane, and after a while 
the level of the liquid in the stem of 
the funnel is seen to be rising slowly. 
When the liquid level stops rising, 
the hydrostatic pressure due to the 
solution in the stem will balance the 
osmotic pressure which has forced 
the water molecules to pass through 
the membrane into the sucrose 
solution. 

From experiments like this it is 
possible to obtain very approxi- 
mate values for the molecular 
weight of sugar. 


The Bombardment Theory 
of Osmotic Pressure 


The similarities between the pressures 
exerted by molecules dissolved in a 
liquid and by gas molecules on the 
walls of a container led to the bombard- 
ment theory of osmotic pressure. The 
gas molecules exert a pressure because 
they are constantly bombarding the 
walls of the container. Similarly, the 
dissolved molecules are bombarding 
the semipermeable membrane. But 
just as the gas volume tries to expand 
because of the gas pressure so does the 
liquid volume, letting water molecules 
through the membrane as it does so. 
This effect still occurs when the mem- 
brane is kept stationary, so water 
passes into the solution. 
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_|PHYSIOLOGY 


STEGLOSAURUS 

-A DINOSAUR WITH 
OUTSIDE PLATES OF 
MEMBRANE 

r) (DERMAL) BONE 


“PROCESSES 
CONNECT THE 
CELLS TOGETHER 
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BONE-SE .R TING CELLS, THE OSTEOBEASTS. OSTEOBLASTS 
WHICH LIVE TO BECOME SURROUNDED BY BONE ARE CALLED 
OSTEOCYTES. 


STRUCTURES 
FIRST 
FORMED 

IN CARTILAGE 


CARTILAGE NE, ALL 


DESTROYED AND REPLACED 


Bone may form directly from special cells called osteoblasts. The 
structures formed in this way are called membrane or dermal 
bones. In some groups of vertebrates membrane bones form an 


outside protective bony armour. 


way. 


BONE and BONES 


Dee as a framework of girders sup- 

ports a bridge or a building so 
the bony skeleton of Man and most 
other vertebrate animals carries the 
weight of soft body tissues. Without 
this internal skeleton the body would 
be practically helpless; it would col- 
lapse under its own weight. 

The bony skeleton also helps to 
protect the delicate organs of the body. 
The brain is, for instance, enclosed by 
the cranium, the heart and lungs are 
shielded by a cage of ribs and the eyes 
are protected by tough eye orbits. 

A third function of the rigid bone 
skeleton is as a foundation for muscle 
attachment. To raise an arm, certain 
muscles have to shorten their length. 
. But the arm in fact only moves in 

response to this contraction, if one end 
of the muscles is securely fixed. The 
bones provide just this anchorage. 

The mineral which gives bone its 
character hardness and its resistance 
to decay is a complex calcium salt 
which contains both phosphate and 
carbonate radicals. But however solid 
bone may appear, nevertheless be- 
tween 30% and 40% of its weight is 
made of organic substances. There 
-are in fact living cells within the bone 
supplied with minute blood vessels 
and nerves. The bones, of course, 
‘must be ‘alive’ for they could not 
otherwise mend after fracture or 
breakage. 
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Two different types of bone are 
distinguished by their mode of forma- 
tion—the membrane bones and the 
cartilage bones. 

Membrane Bones 

The membrane bones have the simpler 
formation. They commonlydevelop in 
the dermis —the underneath layer of 
the skin. For this reason they have an 
alternative name — dermal bones. In 
the membrane bones form scales; 
in some crocodiles, plates covered by 
horny skin, while lizards often have 
dermal bone underlying their horny 
scales. The armour of turtles and their 
relatives is predominantly of bone and 
fossils of many of the extinct dinosaurs 
were protected by outside bony plates. 

The armadillo is rather exceptional, 
for it is one of the few mammals with 
outside membrane bones. The bones 


cover the whole of the back and the: 


top of the head. In most mammals and 
birds the only dermal bones are found 


PERIOSTEUM — OUTSIDE _L, 


OSTEOCYTES WHEN THEY 

ARE FINALLY SURROUNDED 

BY BONE. THE CAVITIES 

WHICH CONTAIN THE OSTEOCYTES 
ARE CALLED LACUNAE 


OUTSIDE 


LAYERED CONTAINING THE 


WITH BONE 


Bone may form when osteoblast cells invade structures already laid 
down in the embryo as cartilage. The result is cartilage or 
endochondral bones. Most bones in Man’s skeleton form in this 


incorporated into the skull, shoulder 
girdle and jaw. 

Membrane bones develop (or ossify) 
when certain cells become bone- 
secreting. Such cells are called osteo- 
blasts. The osteoblasts with numerous 
fibres of connective tissue cells, form 
an organic network. Then, into this 
network, layers of calcium salts 
(lamellae) are deposited. Slowly a plate 
is built up. The plate can grow about 
its margins and also can be thickened 
on either its inner or outer surface. 
Some of the osteoblasts remain alive 
and become actually incorporated 
into the growing bone. They are then 
known as osteocytes and come to have 
very irregular shapes. The spaces 
(lacunae) in which the osteocytes are 
situated are also irregular with long 
branching processes (canaliculi) ex- 
tending in all directions. The canali- 
culi of neighbouring spaces link up 


LACUNAE 


HAVERSIAN 
CANAL 


HAVERSIAN 
SYSTEM 


INTERSTITIAL SYSTEM 


Left, when bone first forms, the osteoblasts 
become linked together into a network. Out- 
side of the bone is a layer of connective 
tissue the periosteum. Right, reworking of 
bone forms the Haversian systems. Some of 
the first formed bone remain as chunks (the 
interstitial systems) within the Haversian 
Systems. 


and provide a network through which 
blood containing food and oxygen 
can filter. 

Cartilage Bone 

Cartilage or endochondral bones in 
contrast to membrane bones are not 
formed directly. They are replacement 
structures —the bony material sub- 
stitutes for early cartilage. What hap- 
pens is that in the developing embryo 
most of the skeletal structure is first 
laid down as cartilage. This softer 
material is only gradually replaced 
by bone—a process which is not 
completed until the animal is full 
grown. In Man the ossification of the 
cartilage continues until the age of 
25 or 26. 

In shape the embryonic cartilage 
structures are miniatures of the final 
adult bones. They begin their trans- 
formation into the ossified structures 
soon after formation. First, the carti- 
lage becomes calcified (impregnated 
with calcium salt) and many ofits cells 
die. Then large amoeboid cells called 
osteoclasts penetrate into the calcified 
cartilage and begin to destroy it. They 
soon have created a series of channels 
and blood vessels break in. With the 
blood come osteoblast cells and bone 
begins to be laid down. 

The cartilage of many vertebrates 
ossifies from one centre only. For 
instance the limb bones start to ossify 
in the middle and the process con- 


tinues towards either end of the 
structure. The zone of ossification is 
called the diaphysis (DI-AF-E-CIS). 
In mammals, in addition to the 
diaphysis, other points of ossification 
may be set up. Each accessory point 
is called an epiphysis (EP-IF-E-CIS). 
Epiphyses are especially to be found 
on bony projections for muscle attach- 
ment or places which articulate with 
other bones. Thus, though ossification 
is incomplete as a whole, those parts 
which must particularly stand up to 
strain are already reinforced. 

If the original cartilage did not 
grow, bone would soon replace all of 
it. But growth does continue. In the 
limb bones for instance, as fast as 
ossification takes place towards their 
middles, so new cartilage is formed 
towards the extremities. Only when 
the adult skeleton is completely grown 
does cartilage stop developing; ossi- 
fication is at last able to catch up. 

The advantage of cartilage as an 
early skeletal tissue is that though less 
rigid than bone it can increase its 
volume from the inside. Bone, on the 
other hand, grows only by additions 
at its surface. There would be difh- 
culties to the developing body. Parts 
of the bone surface are attached to 
muscles or are delicately articulated 
with neighbouring bones. Additional 
bone forming at the surface would 
disrupt these connections. 

But nevertheless, the larger cartilage 
bones making the limbs are not 
entirely formed by replacement of 


Cartilage is destroyed by osteoclasts. Osteo- 
blasts invade and lay down bone below ). 
The change from the embryonic cartilage 
structure to the final adult limb bone 1s 
» shown left. 


OSTEOBLASTS 


CARTILAGE CELLS 


Note. the perichondral bone. 


AYING DOWN BON 


cartilage. When ossification begins at 
an early stage, the cartilage structures 
are still very small in diameter. But 
later, the cartilage forming towards 
the extremities will be expanded in 
width. Bone replacing the cartilage 
produces a shaft that tapers towards 
the middle. 

A bone shaped like an hour-glass 
would be very weak at its middle. The 
problem is solved by additions of bone 
to parts of the cartilage surface. The 
bone is particularly thick in the 
original, thin middle part of the 
structure. This coating of bone is, 
strictly speaking, membrane bone for 
it does not replace earlier cartilage. It 
forms on top of the cartilage and for 
this reason is called perichondral bone. 

Throughout the life of an animal, 
bone is continuously being reworked. 
Old material is resorped by the 
osteoclasts and new material deposited 
by osteoblasts. Bones which have been 
remodelled can be recognized in thin 
section under the microscope by the 
development of Haversian canals. The 
canals which usually run parallel to 
one another, carry blood vessels and 
nerves. The blood vessels carrying 
food, pass out into the surrounding 
bone. Osteoblasts become arranged 
in a series of concentric circles about 
each canal. They rely upon the blood 
vessels in the canal for a supply of 
nourishment. Each canal with its 


dependent series of osteoblasts consti- 
tutes an Haversian system. 


INORGANIC CHEMISTRY 


FLUORINE and the FLUORIDES 


FLUORINE combines vigorously 
with a great many other elements 
and compounds including most of 
those used for making chemical ap- 
paratus. Reactions involving fluorine 
and its compounds must be carried 
out in specially constructed vessels. 
Hydrofluoric acid (HF) has been 
used for etching glass since 1670 but 
it was more than two hundred years 
later, in 1886, that a French chemist, 
Henri Moissan (1852-1907), suc- 


ceeded in isolating fluorine. He added 
potassium hydrogen fluoride to the 
pure anhydrous acid and was then 
able to pass an electric current through 


the solution. By carrying out the 
electrolysis in a U-tube made of 
platinum-indium alloy with electrodes 
of the same material, Moissan obtained 
fluorine gas. The fluoride solution has 
a very high electrical resistance and a 
heavy current is needed to bring about 
electrolysis. The passage of this current 
heats up the apparatus, so the cell has 
to be cooled. 

For many years after it was first 
isolated, fluorine was regarded as a 
chemical curiosity. However, in recent 
years a number of valuable uses have 
been found for it. For instance, sulphur 
hexafluoride (SF.), prepared directly 
by the action of fluorine on sulphur, is 


1952 


used as an insulator in high voltage 
work. Various organic fluorine com- 
pounds have been prepared in the past 
few years, and their properties indicate 
that they may be useful as plastics, 
fungicides and refrigerants. 

Fluorine is very corrosive and will 
cause severe burns if it comes into 
contact with the skin. Fluoride ions 
are poisonous if taken in quantity but 
in trace amounts (not more than one 
part in a million) they appear to 
protect teeth against decay. Some 
water companies now add minute 
amounts of fluoride to their water and 
many toothpaste manufacturers add 
fluorides to their products. Too much 
fluoride, apart from being harmful, 
discolours the teeth. 

The Properties of Fluorine and 
its Compounds 

Fluorine is a member of the group 
of non-metallic elements called the 
halogens. Chlorine, bromine and iodine 
are the other members. There are, 
however, marked differences between 
the behaviour of fluorine and _ its 
compounds, and of the other halogens 
and their compounds. For instance, 
silver fluoride is very soluble in water 
but the chloride, bromide and iodide 
of silver are all virtually insoluble. 

Fluorine is a light yellow gas with 
a bitterly pungent smell. At — 188°C 
it condenses into a pale yellow liquid. 
It is very reactive and, even at very 
low temperatures, it combines ex- 
plosively with hydrogen. Fluorine re- 
acts vigorously with phosphorus and 
liberates chlorine from potassium 
chloride in a displacement reaction: 

F, + 2KCI = 2KF + Cl, 

Many metals combine directly with 
fluorine and in 1962 it was reported 
that xenon (one of the group of gases 
previously thought to be inert) reacts 
with fluorine at 400°C to form a tetra- 
fluoride — XeF4. 

Hydrofluoric acid is prepared by 
the action of concentrated sulphuric 
acid on fluorspar (calcium fluoride) 
which is one of the principal fluorine- 
containing minerals. Unlike the hy- 
drides of the other halogens which are 
gases at room temperature, hydro- 
fluoric acid is a liquid (boiling point 


19°5°C). This is due to the existence 
of hydrogen bonds linking the various 
molecules to one another. For the 
same reason water is a liquid (not a 
gas like its near neighbour, hydrogen 
sulphide). 

Metallic fluorides, which corre- 
spond in some respects with the 
chlorides, are formed by the action 
of hydrofluoric acid on metals or their 
oxides. However, there is an important 
difference between fluorides and 
chlorides in that acid fluorides (e.g. 
potassium hydrogen fluoride, KHF3), 
are formed if the acid is present in 
excess. 


The € Family 
FLUORINE 
ATOMIC NUMBER 9 


CHLORINE 


BROMINE 
ATOMIC 
NUMBER 
35 
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The halogens are all members of the 
seventh group in the periodic table. 
This means that each atom has seven 
electrons in its outer shell. As we go 
down the group from fluorine to 
iodine, each element becomes heavier 
and less reactive. Fluorine and chlorine 
are gases at room temperature while 
bromine is a liquid, and iodine a solid. 
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A dew point > The bxact moment 
when the dew appears is seen by reflecting a 
light off the mirror. 


The Hair Hygrometer 


A hygrometer often used in art 
galleries is the hair hygrometer. This 
depends on the property of a hair to 
expand when it is damp. In the hygro- 
meter one end of a hair is wrapped 
around a drum, the other end is 
attached to a spiral spring. When the 
hair expands the drum turns and moves 
a pen on a chart or a pointer. Hair 
hygrometers have the advantage that 
they are easily made into a recording 
instrument. After a while however, 
the hair appears ‘to get fatigued and 
permanently lengthens so that the 
hygrometer must be recalibrated. 
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BANANAS taken ashore from a ship 

are put into a warehouse to ripen. 
During the ripening the relative humi- 
dity must be carefully controlled 
otherwise the fruit could deteriorate. 
Generally, where perishable materials 
such as foodstuffs, books and works of 
art are concerned, the relative humi- 
dity of the air must be kept at a 
constant value. Instrument for measur- 
ing the relative humidity are called 
hygrometers. 

A simple type of hygrometer is the 
dew point hygrometer. In a dew point 
hygrometer a shiny metal plate is 
cooled down by bubbling air through 
a container filled with ether at the 
back of the plate. The ether evaporates 
and by taking its latent heat of 
evaporation from the rest of the ether 
cools it down. A thermometer dips 
into the ether. As the plate cools 
down, the film of air or gas (whose 
humidity is being measured) in con- 
tact with the shiny surface, cools down 
as well. Eventually this film becomes 
saturated and the water vapour con- 
denses in tiny drops on the shiny 
surface. The temperature at which this 
dew appears is called the dew point. If 
the air is stopped bubbling through 
the ether the plate heats up again and 
the condensation vanishes. An accur- 
ate value of the dew point is found by 
reading the temperature of the ether 
when the dew appears and when it 
vanishes and taking the average. 

At the dew point temperature the 
mass of water vapour actually present 
in the air is sufficient to saturate it so 
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dew drops are formed. This water 
vapour exerts a pressure called its 
saturation vapour pressure which can be 
found in tables. This pressure, divided 
by the saturation vapour pressure at 
the measured room temperature, (also 
read from the same vapour pressure 
table) and multiplied by 100 is the 
percentage relative humidity. 

This is an easy and accurate method 
of measuring dew points and relative 
humidities because the clouding over 
of the shiny surface can easily be seen, 
especially if it is illuminated with an 
electric torch. 

There are a number of variations of 
the basic method used in modern dew 
point hygrometers. In one sort, the 
cooling is achieved by passing an elec- 
tric current through a junction of two 
different metals. The temperature at 
dew point is found by means of a 
thermocouple soldered behind the 
mirrors. 


Relative Humidity 


Water molecules in a liquid are ina 
state of continual agitation. Now and 
then some molecules gather enough 
energy to fly up out of the liquid into 
the air to become water vapour mole- 
cules. This is called evaporation. A 
saucer of water left in a room will 
totally evaporate in this way. If the 
water is at the bottom of a closed 
bottle, then in the beginning the water 
molecules will leave the surface and 
evaporate into the space above. But 
the space gets filled up eventually as 
many molecules leave the surface per 
second (evaporate) as return to it 
(condense). At this stage the net 
evaporation is nil and the air is said to 
be saturated. At saturation, if some 
water vapour is injected, the excess 
number of molecules will immediately 
condense into the liquid state. 

If the temperature of the bottle is 
lowered some of the vapour will con- 
dense on the walls, if it is increased, 
more evaporates from the liquid. This 
shows that the amount of water vapour 
needed to saturate a given volume of 
air depends on the temperature. The 
water vapour exerts a pressure. At 
saturation the pressure is called the 
saturation vapour pressure. Relative 
humidity is defined as 


actual vapour pressure x 100 
saturation vapour pressure 
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| ECOLOGY | 


NOCTURNAL LIFE 


IGHT comes and a great change- 
over takes place in the animal 
world. The creatures of the day seek 
their resting places. An entirely new 
population wakes and emerges. Man 
retires indoors at twilight and turns on 
the electric light. Usually he remains 
unaware of the shifting pattern of life 
outside. 

The night creatures spend their 
active lives in very poor illumination. 
When the sun has set the only light 
comes from the stars or from what sun- 
light is reflected by the moon or the 
sky. In response to this limitation, eyes 
have become specialized to react to 
the minimum quantity of light. Other 
sense organs — notably smell, hearing 
and touch — have become acute. 

But night may be beneficial. It is 
cooler and consequently the humidity 
or dampness of the air is increased. 
Many invertebrate (backboneless) 
creatures have little or no protection 
against drying up during the day and 


so they emerge only after sunset. 
Examples are earthworms, _ slugs, 
snails, and woodlice. In deserts where 
water is always scarce nearly all 
animals appear only during the cooler 
more humid night. The intense heat of 
the day is avoided by burrowing 
beneath the ground. 
Vision at Night 

The light sensory tissue of the eye — 
the retina — is found at the back of the 
eye-ball. Light rays are concentrated 
on to its surface by a lens. The cells’g 


which make the retina are of two 


kinds — the rods and cones. Cones are 
the least sensitive to light and come 
into use only when illumination is 
good. In Man, and a few other mam- 
mals they are also responsible for 
colour vision. The rods are much more 
sensitive to light. They are the cells 
used at night when illumination is 
poor. They cannot however detect 
colour. 

Man’s eyes possess both rods and 


Top: nocturnal animals may have a tapetum or ‘mirror’ behind the retina so that light 
not first absorbed is reflected back again. Middle: the iris of Man is circular, and because 
muscles impede one another, there is a limit to how small the pupil can become. Animals 
with very sensitive retinas prevent excessive light from entering the eye by a more 
efficient slit iris. Bottom: Man’s rods are collected around the periphery of the eye. 
Directly behind the lens is an area with cones only. Consequently Man sees best at night 


by staring towards one side of an object. 
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THE “ 
LESSER HORSE- Bs, 
EMITS VIBRATIONS THROUGH *THE 
(ARHINOLOPHID BAT) 


Bats navigate in the night by emitting bursts 
of ultrasonic vibrations. The vibrations are 
reflected by obstacles and the echoes picked 
up by the sensitive ears, inform the bat the 
distance and nature of the obstacle. One 
group of bats emit the initial vibrations 
through the mouth. The other group fly 
emitting vibrations through their noses. 


cones — approximately a million cones 
and 100 million rods. He is able to see 
not only in daylight but also in poorly 
illuminated places or at night. Night 
vision is only in silvers and greys for 
it is the rods that are providing visual 
information and they lack the ability 
to discriminate colour. More speciali- 
zed night creatures possess only a few 
cones in their eyes and some bats have 
none at all. 

Another property which makes 
Man’s eyes good for seeing at night is 
the diameter of the eye-ball. It is 
about 1 inch across —a fairly large 
structure. The larger the eye-ball the 
greater the quantity of light that can 
be received. Cats, foxes, and other 
night creatures, have large eye-balls. 
The owl’s eye-balls are in fact so 
expanded that they cannot swivel in 
their sockets, instead this night hunter 
has to move its whole head from side to 
side if it wants to see in a different 
direction. Horses, bears, lions, deers 
too, and buffaloes, have large eyes and 
are animals with good day and night 
vision. 

A spectacular adaptation to the 


The soft-feathered, silent flyin iow in isa 
true nocturnal animal; it rarely makes 
sorties during daytime. The retina of 
the eye is highly sensitive, pth 
acute. Also, the owl is one of the fe 
birds with binocular vision. The eyes 
are well-forward, side-by-side so that 
an object is viewed by both of them 
together. This means there is double 
the chance of detecting a victim. 

Many animals — particularly the lar- 
ger ones may be active during day or 
night, they have adequate sense organs 
to manoeuvre in the dark; bear, deer, 
skunk, lion, horse, Pig, even Man 
himself. 

For shy, browsin perbbiers night is 
safer than day. In the dark, enemies — 
even well adapted ones — can be more 
easily avoid . For the same reason, 
animals whose numbers have been re- 
duced by hunting or disease tend to. 
become nocturnal until numbers are_ 
restored. The = Fabb ‘is a al 
example. : 


DUNES: See “Seta tae aie 


night vision of some hunting creatures 
is an internal mrror (tapetum) at the 
back of the eye. If any of the light 
passing through the retina fails to be 
absorbed, it can be reflected by the 
mirror back through the retina. Every- 
one has noticed how a cat’s eyes glitter 
in the light of a torch. The glitter is 
really the torch light reflected back 
through the pupil by the mirror. 
Other Senses 

Sensitivity to light is just one method 
by which an animal can learn about its 
surroundings. Other sense organs also 
convey information and at night when 
illumination is poor they are of par- 
ticular value. Some night creatures in 
fact have little use for their eyes at all. 

The hairs of mammals and_ the 
feathers of birds not only provide 
insulating layers against the cold. Each 
structure is provided with a tiny 
nerve fibre; if the hair comes into 
contact with some object, immediately 


the animal is aware of the inter- 
ference. The hairs are tactile or sensi- 
tive to touch. 

Particularly sensitive are the large 
bristles or vibrissae extending from the 
sides of the animal’s face. Night 
creatures whether they have good 
night vision or not have very well 
developed vibrassae and also have 
extended hairs from their eyebrows. 
Passing through dark holes and tun- 
nels the bristles touch the sides and tell 
the creatures the dimensions of the 
space. If the bristles touch another 
animal, then they trigger off a violent 
reflex action. A cat will snap out its 
paw in anticipation of its victim, a 
mouse will flee for its life. 

Certain feathers covering the faces 
of nocturnal birds are similarly 
specialized. The owl is well equipped 
with them and so is the night-jar. 

The sense of smell is also independ- 
ent of light and the humid atmosphere 
at night is very suitable for the carry- 
ing of odours. Small creatures such as 
field mice and shrews are particularly 
reliant upon their noses for informa- 
tion; their eye-balls are correspond- 
ingly small and inefficient for night 
vision. They search for berries and 
insects largely by scent and touch. 
Moths about at night are attracted to 
flowers partially by odour; the scent 
is detected by the sensitive antennae. 

Hearing is the other important sen- 
sation and it may be acute in night 
animals. Each animal however may 
communicate with its fellows by sound 
without giving itself away. Different 
creatures have their own channel of 
sound waves. The vibrations of the air 
they make with their tongues and 
mouths are only detectable by care- 
fully attuned ear drums of their own 
species. The night — though silent to 


Rattlesnakes (also pit-vipers) have two sensory pits, one on each side of the head, between eye 
and nostril. The pie are SO sensitive to 0 temperature that warmblooded ne hd can be detected. 
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As temperature falls so humidity rises. The 
moist atmosphere brings out many creatures 
which during the heat of the day would be in 
danger of drying up. The high humidity also 
facilitates the sense of smell. 


Man may be filled with noises that he 
cannot perceive. 

Bats are remarkable for using their 
own sounds as a navigating device. 
The noises are produced by the tongue 
and escape through the nose or a 
corner of the mouth at very high fre- 
quency. The sounds bounce back from 
surrounding objects, and these echoes 
are detected by the bat’s trumpet-like 
ears. The rapidity and strength of the 
return provides a detailed account of 
the obstacles in the bat’s path. The bat 
is almost seeing with its ears. It does 
have eyes, but its true sight does not 
have to be good. This echo-location 
enables it to fly through a forest at 
darkest night, locating and capturing 
insects as it passes. 

Countering the bat’s radar, some 
moths are covered in fuzzy scale which 
deadens the echo. Alternatively they 
are able to detect the high-pitched 
sounds of the bat’s cry, and drop to the 


ground. 


Bats, though by far the best echo- 
locaters, are not unique in their 
powers. Field mice and shrews have 
also been shown to navigate in the dark 
using the echoes of their own sounds as 
a guide. Man, too, with experience 
can make use of the phenomena; 
blind persons can often find their way 
without bumping into obstacles by 
listening to the echo of their footsteps 
or the tap of their stick. 
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| APPLIED SCIENCE | 


The DAMPING of OSCILLATIONS 


HE swinging of a pendulum, the 
sounding ofa tuning fork and the 
surging back and forth of electrons in 
the oscillator circuit of a radio set — all 
of these are examples of oscillatory 
motion. 

When a pendulum is set swinging, 
the bob moves out from its position of 
rest to its ‘furthest out’ position, and 
then moves back through its rest posi- 
tion to the ‘out’ position on the other 
side. The distance between the two out 
positions is called the amplitude of the 
oscillation. In a simple pendulum, 
made from a bob suspended by a 
length of string, the swing back and 
forth repeats itself many times, but 
each swing has a smaller amplitude 
than the one before. The reason for 
this is that the bob needs kinetic 
energy (energy of motion) to keep it 
going, but some energy is ‘stolen’ as 


The ordinary pendulum loses energy be- 
cause of air resistance and the amplitude 
of swing gradually decreases. 
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the bob moves because work has to be 
done by the bob in overcoming fric- 
tional resistance in the air. 

The bob draws its kinetic energy 
from the potential energy gained by 
the bob in its ‘out’ position. The bob is 
then situated higher than when in the 
original position, but as the amplitude 
of the swing becomes smaller and 


smaller the bob does not rise so high at § 


Vibrations of a car body, caused when the 
car passes over a bump in the road are 


damped.down by the shock absorber. 


the end of its swing so there is less @§4 
potential energy to be converted into @@a 


kinetic energy. 


This gradual decrease in amplitude 4 
in a pendulum clock is overcome by 4 


feeding in extra energy to make up for 
that lost. This is done by the pendulum 
weight (not to be confused with the 
bob). The weight transmits tension 
through a string and a number of 
gears to the escapement wheel. Each 
time the pendulum swings, it releases 


ESCAPE WHEEL 


THIS DIAGRAM) 


In the pendulum clock energy is provided 
by the falling weight. This leeds energ) 
to the escape wheel which provides small 
kicks to keep the pendulum swinging 
with even amplitude. _ 


some of the tension and receives a 
small ‘kick’ from the escapement at the 
most opportune time. Every time this 
happens the weight falls through a 
small distance so some of the potential 
energy of the weight is used up in 
keeping the pendulum swinging. 

A similar thing happens in a simple 
electrical oscillator. This consists of a 
capacitor and a coil. The capacitor is 
charged up when it is connected across 
a battery. If the battery is removed and 
the coil connected across the capacitor _ 
the charge stored in the capacitor 
quickly surges away through the coil. 
The current surge in the coil sets up 
an electromagnetic field in the space 
around the windings, so the stored 
potential energy in the capacitor has 
been converted into electromagnetic 
energy in the coil. Now it is a basic 
law of electromagnetism (stated by 
Michael Faraday and Heinrich Fried- 
rich Lenz) that the field set up acts in 
such a way as to throw back the cur- 
rent surge to its place of origin. So 
when the current surge passes into the 
coil it is immediately thrown back and 
recharges the capacitor. The capacitor 
then discharges again and the process 
repeats itself. 

The size of the current surge would 
remain the same for each repeated dis- 
charge if electrical resistance did not 
have to be overcome in the windings of 
the coil and in the connecting wires. 


Once again, as in the pendulum, one 
form of energy (electric potential 
energy) is converted into another 
form (electromagnetic energy) and 
some of it is ‘stolen’ in the process. The 
‘stolen’ energy appears as heat energy 
in the windings, and the current sur- 
ges become smaller and smaller and 
die away. 

This damping of the oscillation can be 
overcome, as in the pendulum clock, 
by the injection of extra energy into 
the circuit. This is done through the 
amplifying valve in the circuit. Energy 
is drawn through the valve from the 
mains or from a battery supply to make 
good that lost in overcoming circuit 
resistance. The damping of oscillations 
is a nuisance as in the clock or electrical 
oscillator, but is sometimes something 
that is deliberately encouraged. When- 
ever a Car goes over a bump in the road 
there is a natural tendency for the body 
of the car to start shaking up and down 
on its springs. The shock absorbers are 
deliberately designed to waste energy 
and damp down the oscillations When 


an electrical current or voltage is to be 
measured using a moving-coil meter 
there is a natural tendency for the coil 
to swing about its final position before 
coming to rest. This makes it difficult 
to make an accurate reading on the 
dial, and some degree of damping is 
always introduced to prevent the 
oscillations from continuing. 
Damped Waveforms 

The nature of an oscillation is often 
studied by drawing a graph of ampli- 
tude of oscillation against time. If the 
distance of the pendulum bob from the 
rest position is plotted against time a 
regular waveform results. This is made 
up of a series of identical ‘crests’ and 
‘valleys’ for the pendulum clock bob, 
but for the simple pendulum each suc- 
ceeding crest is smaller than the one 
before. A similar waveform is drawn 
on the face of a cathode ray oscillo- 
scope when the two leads are connec- 
ted across the output of the electrical 
oscillator. 

The way the wave dies away follows 
a definite law. 
lSiicewis amplitude of first wave 

amplitude of second wave 
is measured it is found that it is equal 
to amplitude of second wave 
amplitude of third wave 

If the natural logarithm of this ratio 
is looked up in a book of tables the 
value found is called the logarithmic 
decrement, of the oscillation. 

Practical Damping Devices 

A pendulum has a natural fre- 
quency of oscillation that is deter- 
mined by the length of the shaft or 
string. In the same way, most bodies 
have a natural frequency of vibration 
and will respond when stimulated by 
vibrations of the natural frequency. A 
loose window sash will sometimes rattle 
when an aeroplane passes overhead, if 
the natural frequency of vibration is 
the same as the frequency of the aero- 
plane engine. 

The same thing (called resonance) 
applies to a piece of machinery. The 
body of the machine will have a 
natural frequency and if the frequency 
of rotation of, say, the machine shaft 
equals the natural frequency, large 
amplitude, dangerous vibrations 
might be built up. There might be a 
number of different critical vibration 
speeds or frequencies for a given piece 


of equipment. By placing the machin¢ 
on a resilient pad some of the vibra- 
tional energy is dissipated in the pad. 
The designer tries to ensure that the 
natural frequency of the machine (on 
its pads) is as far as possible different 
from the ‘running’ frequencies of the 
machine. 

There are several kinds of damper 
used in machinery. In the first kind 
the vibrations are absorbed so that 
work is done in overcoming frictional 
or viscous forces. The machine pad is 
of this category, and so is the shock 
absorber in an ordinary motor vehicle. 
In rotating machinery such as genera- 
tor sets a plate drives a wheel rim by 
friction, but slips when vibrations are 
set up so that energy is then lost from 
the system and the vibrations are 
damped. In other systems a flywheel 
rotates in a heavy silicone fluid where 
once again the vibrational energy is 
wasted. 
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FEEDING THE WORLD’S POPULATION 


Gan the Earth Produce Enough Food? 


JN 1840 the world’s population was 
about 1,000 million. It rose to 
2,000 million by 1930. By 1960 about 
3,000 million people inhabited the 
Earth and it is estimated that the 
population will reach 6,000 million by 
the year 2000 A.D. These extra people 
will need food and homes, both of 
which requirements make heavy de- 
mands upon the land. Hunger and 
malnutrition are serious problems in 
Africa and Asia today. What of the 
future ? Can the Earth support a fur- 
ther 3,000 million people ? 
The answer to this is a firm ‘yes’. 


The increasing rate of population growth. 
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At the present time there are about 
four acres of cultivable land per head 
of population. The rest is too dry, cold 
or mountainous. Of the four cultivable 
acres only about one is cultivated and 
that often inefficiently. If the whole 
acreage were farmed and forested 
properly the Earth could support 
three or four times its present popula- 
tion. New towns will of course have to 
be sited on land unsuitable for agricul- 
ture or of low agricultural value. Al- 


Plant breeding methods are producing im- 
proved varieties all the time. A modern 
wheat plant is shown compared with an 
early fqre-runner. 


though the world figure is about four 
acres of cultivable land per person, the 
figures vary from country to country. 
Canada has something like 20 acres 
per head of population while India has 
only one. Britain and Japan — both 
densely populated countries — have 
even less cultivable land per head. 
Political barriers will have to come 
down to enable the producer-regions 
to supply the consumer-regions. How- 
ever, this can be no more than a short- 
term measure — surpluses will not al- 
ways be available. 

The present food problems in Asia 
and Africa are due largely to a lack of 
technical knowledge and _ financial 
resources in the countries concerned. 
The primitive agricultural methods 
result in low yields. Animals are not 
reared efficiently and the lack of pro- 
tein in the human diet leads to severe 
malnutrition. If these countries are 
helped financially and the people are 
taught to farm their lands properly 
and to eat a balanced diet the prob- 
lem of hunger should disappear. It will 
probably be necessary to use hitherto 
untried sources of protein for the land 
is often unable to support large num- 
bers of cattle. Game animals and fish 
will certainly gain in importance. The 
elimination of hunger in this way is the 
aim of the ‘Freedom from Hunger 
Campaign’. The solution of the 
World’s food problem will then be in 
three main parts: 1. the bringing of 
more areas into cultivation, 2. better 
production from existing farm-land, 
3. development of new techniques and 
sources of food. 

Land Reclamation 

Many regions are too wet to sup- 
port crops without expensive reclama- 
tion work. Some of these will have to 
be brought under cultivation in the 
future. The term ‘land reclamation’ is 
normally used to describe the recovery 
of wet areas as opposed to ‘irrigation’ 
of dry land. 

Reclamation of wet ground involves 
drainage and protection to avoid fur- 
ther waterlogging. Land that has been 
under the sea must also be treated for 
the removal of salt before it can be 
used for agriculture. Land reclama- 


tion has been practised extensively in 
the Netherlands and is still actively in 
progress in the region of the Zuider 
Zee. When complete, the reclamation 
of this area should have added some 
half-million acres to the agricultural 
land of the Netherlands. 

The Zuider Zee was first cut off 
from the open sea by a large dam 
which was completed in 1932. Dykes 
were then built to enclose certain 
areas of the enclosed lake and pumps 
were set to work to remove the water. 
Even after the removal of the water, 
the pumps are still needed to keep the 
reclaimed land dry. Rain water and 
seepage add some 30” of water a year 
on to the reclaimed lands in Holland. 

When the sea-bottom emerges it is 
sown with reeds and gradually re- 
claimed by digging ditches. As the soil 
dries it shrinks and cracks. Later, tile 
drains are laid. Chemical changes in 
the soil result in the removal of sodium 
ions and the formation of calcium 
clays. Leguminous crops are some- 
times sown then to increase the bac- 
terial content of the soil. Most of the 
area so far reclaimed is of excellent 
agricultural quality. Reclamation of 
lakes and swamps follows very much 
the pattern described here. There are 
a great many such areas in the world 
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A typical daily diet in the U.S.A. compared with the daily diet of an Indian worker. The 
weight of food eaten by an American is nearly three times that eaten by the Indian, and the 
protein content is far greater. The aim of the Freedom from Hunger Campaign is to provide 


a sufficient and balanced diet for everyone. 


which would benefit mankind by 
being drained. Large areas of fenland 
in Eastern England have been drained 
and now support some of the richest 
farmland in the country. 

Irrigation 

The Snowy Mountains Project in 
Australia, the Aswan High Dam in 
Egypt and several others have been 
given a lot of publicity lately. The 
dams will trap the wet-season rainfall 
and allow it to be used gradually 
throughout the rest of the year. Water 
will be piped to large areas of dry land 
so that it can be brought under culti- 
vation. These schemes will produce 
not only water for irrigation but also 
large quantities of hydro-electric 
power. 

Forestry may play a large part in 
the reclamation of desert areas, es- 
pecially where the area has become 
barren through soil erosion. Irrigation 
will allow trees to establish themselves 
and then the forests may alter the local 


climate, bringing more rain. The 
forests also stabilise the land and pro- 
mote soil-forming processes. 
Stepping-Up Production from 
Land Already Cultivated 

Increasing production in this way 
involves several aspects of science. 
Crops take minerals from the soil to 
build up their tissues. These minerals 
must be replaced adequately if crop- 
ping is to continue. The efficient use of 
fertilizers is therefore of great im- 
portance. Not only mineral fertilizers 
but organic material must be added to 
the land to keep the soil in good con- 
dition. The composting of town refuse 
for use on the land should play a large 
part here. The present systems of tip- 
ping or burning are very wasteful of 
precious organic material. 

Breeding new strains of plant and 
animal species is now an important 
aspect of agricultural research. A 
variety of wheat which gives even only 
a one percent increase in yield would, 


RICE 85% BY WEIGHT 


if grown everywhere that wheat is now 
grown, produce an extra two million 
metric tons. Increasing the produc- 
tivity of the land is of no avail unless 
steps are taken to combat the ravages 
of pests and diseases. Insect pests are 
the most destructive of crops both in 
the field and in the warehouse. Mil- 
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Grain weevils and a locust. These are two 
pests which must be controlled if Man is to 
get the maximum production of food. 
lions of pounds worth of food is des- 
troyed by them. Efficient control 
methods must be devized. The dan- 
gers of using very large quantities of 
insecticide are already well known. 
New control methods may well rely on 
releasing sterile males into the insect 
populations. This technique has vir- 
tually wiped out the screw-worm fly — 
a cattle pest —in some regions of the 
U.S.A. Biological control by using 
parasites is also gaining in importance. 
Food from New Sources 
Although, in terms of calories, pre- 
sent agricultural methods can supply 
the population easily, there is a con- 
siderable shortage of protein in the 
diet of many people. Much research is 
going on to find suitable ways of pro- 
viding the extra protein. Fish play a 
central part in this research but 
several other types of animal could. 
become important as sources of food. ~ 
Protein from grass and algae is also a 
possibility. 
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Sodium has a single electron in its outer shell, chlorine has seven. The sodium atom gives 
the chlorine atom its electron to make up chlorine’s ‘magic number’ of eight electrons. 
A positive sodium ion (Na*) and a negative chloride ion (CI”) are formed. These exist in 


sodium chloride. 


tion. Yet hydrogen chloridesometimes 
acts as if it were an ionic compound. 
The fact appears to be that the true 
structure of the molecule is a mixture 
of the two structures, although the 
covalent structure, predominates. 

It might seem strange that the 
structure of a molecule is neither one 
thing nor another, but all the evidence 
of modern science leads to the view 
that clectrons are never fixed in one 


ELECTRONS MAKE BONDS 


TOMS are held together in mole- 
cules by valency bonds. These 
bonds are created because the elec- 
trons can be transferred from one atom 
to another, and can be shared by 
more than one atom. In a stable mole- 
cule the electrons are arranged so that 
each atom has a shell of eight outer 
electrons, like the outer shell of the 
atoms of the inert inactive gases neon, 
xenon etc. When the atoms come to- 
gether to form a molecule, the ‘magic 
number’ of eight electrons is achieved 
by the atoms, sharing common elec- 
tron orbits. 

The different ways that electrons 
are used to make up the octet give rise 
to a number of different forms of 
bonding in molecules. For example, in 
sodium chloride, the sodium atom has 
only one electron in its outer orbit. 
Chlorine, on the other hand, has seven 
electrons in its outer orbit. To create a 
stable octet pattern the sodium atom 
has to give the chlorine atom its single 
outer electron so that the chlorine now 


Each of the four outer electrons of 
carbon forms, with an electron from a 
hydrogen atom, a covalent bond. The 
two electrons in a bond are spinning 
in opposite directions so their mag- 
netic fields cancel each other out. 
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has a full octet. In this process of elec- 
tron transfer, the sodium has lost a 
single negative charge, to become a 
positive ion, and the chlorine has 
gained a negative charge to become a 
negative ion. So this is an example of 
tonic bonding, where the molecules are 
composed of ions that are held to- 
gether in the solid state by the strong 
forces of attraction between the oppo- 
sitely charged ions. 

The other principle bonding is the 
covalent bond. Here, two atoms share 
a pair of electrons, one from each 
atom, to create a single bond. The two 
electrons in a covalent bond are spin- 
ning in opposite directions. Because 
there is a magnetic field associated 
with the spinning electron (just as 
there is with an electric current cir- 
culating in a loop of conducting wire) 
the two opposite spins mean that the 
two magnetic fields are cancelled out 
so the bond is a very stable one. The 
whole gigantic family of organic 
chemicals could not have been built 
up if the covalent bonds associated 
with carbon were not so stable. 

The Chemical Hybrids 

Although the nature of both ionic 
and covalent bonds are well known, 
there are many important chemical 
compounds where it is not possible to 
say that one form of bond structure 
exists aud one only. For example 
hydrogen chloride, (HC1), is a liquid 
at low temperatures and there is good 
reason to believe that the hydrogen 
and chlorine atoms are held together 
by a single covalent bond. In the pure 
state the liquid does not easily ionize or 
act as an acid, so the non-ionic nature 
of the bonding is a reasonable explana- 


COVALENT 
BOND SHARED 

DouBLE ORsIT = ge 
RON 
( Ques = \ 4 

~ oe ae 
+ rey- ° 

eubtovceh? FORM 


In hydrogen chloride the electron of 
the hydrogen atom can either be 
shared with the chlorine atom to form 
acovalent bond or given tothe chlorine 
atom to form an electrovalent bond. 
The actual bond that exists is a mixture 
of the two types — a resonance hybrid. 


position only. One can say only that 
there is a high or low probability 
that the electron is in a particular 
position. The existence of these hy- 
brids is called resonance or mesomerism, 
and another important example is the 
structure of the benzene ring. Here, 
there is the possibility of resonance 
between five different structures, all 
with covalent bonds. It has been 
shown that two of the possible struc- 
tures are the most probable ones, and 
that the benzene ring is, in fact a 
resonance hybrid of these. 
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In benzene there are five possible 
arrangements of bonds but the two 
shown are the most probable ones. It 
has been found that the double and 
single bonds do not exist as shown but 
that an equal ‘I}’ bond exists between 
each carbon atom, This is halfway be- 
tween these two resonant forms. 


PLASTICS — 


A MAN-MADE WORLD 


FLEXIBLE, light, tough, unbreak- 

able, water-proof, chemical-proof 
—Jjust a few of the properties of polythene 
(polyethylene) now one of the world’s 
best known, most used plastics. Dyed 
in a variety of colours, polythene 
products have spearheaded the pheno- 
menal growth in plastics during the 
last decade. 

Today, plastics are so very common 
that, paradoxically, they go almost 
unnoticed.. They have usurped many 
of the materials traditionally used by 
Man. They are used for making a 
variety of goods — bowls, buckets, 
water-pipes, wrappers, light fittings, 
toys, upholstery, insulators, fabrics — 
to name just a few. 

What are plastics? Where do they 
come from? 

First of all they are polymers—a 
mysterious title but one which is easily 
understood. A polymer is a very large 


molecule made up from two or more 
simpler molecules (monomers). For in- 
stance ethylene, a volatile gas, has a 
simple molecular formula of C,H,. 


Filaments, pipes and rods are made by ex- 
truding the plastic through a dye. Here 
ethylene is being made into a fibre. The 
filaments are drawn into a water bath, a 
process which stretches them and raises 
their tenacity. 

String large numbers of these mole- 
cules together in a chain and the result 
— polyethylene (Greek, poly — several, 
many). Some polymers are made 
by joining up molecules of different 
substances, for instance, molecules of 
urea and molecules of formaldehyde 
may be combined. Such polymers are 
referred to as co-polymers. 

Polymers — compounded molecules 
—are vital to the natural world. The 
proteins and carbohydrates of living 
organisms are, for instance, polymers. 
But though naturally-occurring poly- 
mers are sometimes used as raw 
materials, plastics are essentially man- 
made. They represent a group of 
materials never tapped by nature. 
Consequently, they could appear on 
an industrial scale only when Man’s 
knowledge and mastery of techniques 
had increased sufficiently. 

Plastics were known in the early 
19th century. For instance, polystrene 
was discovered in 1835. But in those 
days the polymers were curiosities. 
They were even considered a nuisance 
since their formation frequently 


clogged apparatus. 


Celluloid was the first plastic to find 
commercial use. In 1870 a shortage of 
ivory in the U.S.A. led to the appear- 
ance of satisfactory celluloid substi- 
tutes. The celluloid industry has in- 


Two forms of polymethyl methacrylate — left ‘perspex’, right ‘diakon’. The properties of 


plastic make them suitable materials for the manufacture of a variety of items. 
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ETHYLENE 


The double bond of ethylene is broken 
and one of the bonds is available for linking 
up with another ethylene molecule. The 
result — polyethylene. 


creased ever since. 

In 1872 Baeyer, a German chemist, 
noticed that a group of organic com- 
pounds called phenols would combine 
with a group called the aldehydes. It 
took another 46 years before tech- 
niques were available for large-scale 
manufacture; a man called Baekland 
patented a method and the phenol- 
aldehyde product was called Bakelite. 

The discovery and successful manu- 
facture of Bakelite pioneered the trail 
for plastic research. Using high pres- 
sures and a variety of catalysts, 
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chemists began to induce other organic 
(carbon-containing) compounds to 
combine together. Their success is 
demonstrated today by the wide range 
of plastics now in general use. The 
building up of exceedingly long- 
chained molecules has particularly 
enlarged the field of artificial fibres. 
More recently polymers have even 
been made from inorganic silicon 
compounds (the szlzcones). 

The cost of plastics is kept down by 
the addition of cheap fillers to the 
materials. Fillers increase the bulk 
without noticeably changing the pro- 
perty of the plastic. They also increase 
shock and heat resistance and prevent 
shrinkage. Substances called plasticisers 
may also be added. These enhance 
flexibility, and may provide gloss as 
well as a better resistance to heat, 
chemicals and abrasion. Over 100 
dyes and pigments are in common 
use for providing colour. 

The Two Groups of Plastics 

Under the one name of ‘plastics’ are 
listed a variety of substances with 
completely different chemical compo- 
sitions and completely different pro- 


The properties of plastic depend basically upon 
their large molecules. Thermoplastic plastics 
have long molecular chains. The binding be- 
tween each molecule weakens on heating, and 
the plastic becomes fluid. Thermoplastics are 
flexible in thin sheets because on bending, the 


molecules can be pulled over one another. 
Thermosetting plastics resemble thermosoften- 
ing plastics when manufactured. But the heating 
needed to liquidize them for manufacturing 
goods causes crosslinks to form. The whole 
mass effectively becomes one large molecule 
which will not break up into constituent parts. 


Molecules join together by eliminating 
simple compounds such as water. Combi- 
nation and condensation reaction are 
both important in plastics manufacture. 
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perties. The term is a rather misleading 
one for many plastic materials are in 
fact hard and not pliable at all. But 
originally the name was given to the 
materials because at some stage of 
processing they were capable of being 
shaped into a form or cast into a 
mould. The term was not meant to 
apply to their final properties. 

The field of plastics can be broadly 
sub-divided. There are the thermo- 
softening plastics and the thermo-setting 
plastics. 

The thermo-softening plastics be- 
come softened when heated and, on 
cooling, harden again without losing 
their properties. They can for this 
reason be reworked many times. 
Generally speaking, the polymers 
making the thermo-softening plastics 
are linear in structure; the simple 
molecules are arranged in chains and 
there are comparatively few ecross- 
links. Most of the well-known plastics, 
and nearly all the plastic man-made 
fibres belong to the thermo-softening 
group. 

The thermo-setting plastics, once 
set from a liquid condition cannot be 
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re-moulded. Their structure is not so 
much a series of parallel chains but a 
network of chains. The best known 
thermo-setting plastics are the Bakelite 
(phenolic) series of products. 

Today the two classes are not quite 
so rigid as they were formerly con- 
sidered. For instance, the addition of 


certain substances causes a thermo- 
setting plastic to form cross-links and 
it becomes effectively a thermo-setting 
variety. Nevertheless the classification 
is a convenient and practical one. 

Plastics have replaced wood, natural 
fibre, glass, ceramics and metals. But 
they are much more than cheap sub- 
stitution materials. They often have 
qualities which not only make them 
the best material for a job but fre- 
quently the only possible material. Their 
very fine electrical properties, for 
instance, have enabled the electrical 
industry to make such advances. The 
chemical inertness of plastics makes 
them resistant to weather corrosion 
and chemical attack; this inertness 
has particularly lowered maintenance 
costs in the chemical industries. Light- 
ness combined with great strength has 
favoured them in aircraft, motor-car 
and structural industries. The range 
of colour plastics can be dyed in, adds 
to their attraction particularly as 
domestic articles. 


SOME IMPORTANT THERMOSOFTENING PLASTICS 


Quite the contrary of being cheap, 
plastics are quite expensive materials. 
Often their use in preference to other 
materials is only financially justifiable 
because of some quality they possess. 

A point in favour of plastics is their 
suitability for mass-production of 
goods. Long production runs of goods 
means actual production costs are 
kept at a minimum. For this reason 
plastic goods usually compare very 
favourably in price with those manu- 
factured in other materials. 

There are two ways for making 
polymers. Molecules can be directly 
joined as a result of a combination 
(addition) reaction. The simple mole- 
cules must, in this instance have a 
double bond in their structure. During 
the reaction the double bond is split 
and one link then becomes. available 
for joining up with other molecules. 
The other method employs a condensa- 
tion reaction. Simple molecules are 
combined to form a larger molecule by 
losing simple substances such as water. 


Approx. 
Common Chief Source of Year of 
Plastic Trade Names ChemicalsInvolved Chemicals Industry Important Properties Some Important Uses 
Cellulose Nitrate Celluloid Cellulose, Nitric Acid) |= Wood, Cotton, Air 1864 Tough, abrasion-resistance, good tensile Plastic protective coatings for wooden 
strength. Easily worked railings etc. Film manufacture 
Cellulose Acetate “Bexoid’ Cellulose, Acetic Acid, | Wood, Cotton, Coal, 1933 Tough, good tensile strength, Safety films. Insulator material, Facing 
Acetic Anhydride Natural Gas non-inflammable materials, edgings and beadings 
Polyethylene ‘Polythene’, Ethylene Petroleum, Coal 1937 Tough, flexible, good insulator, Bowls, buckets and general household 
‘Alkalene’, unbreakable, no sharp edges, goods, squeeze-bottles, wrappers, water 
“Polyroke’, ‘Rigidex’ water-proof, chemical-proof pipes, insulators 
Polyvinylchloride “PVC’, ‘Corvic’, Ethyleneor Acetylene, Petroleum,Coal,Brine 1940 Hard and horny to soft and flexible. Raincoats and protective clothing. 
‘Welvic’, ‘Darvic’ Hydrogen Chloride Tough, abrasive-resistant, water- and Tarpaulins, cable insulators, inflatable 
chemical-proof, good weathering goods, toys, suitcases, upholstery, 
properties, good insulation coatings for dish draining racks, etc., 
gutters and down-pipes 
Polystyrene “Styron’, Ethylene, Benzene Petroleum, Coal, 1933 Resistant to water and chemicals. ‘Foam’ plastics 
“Styrofoam’ Coal Tar Excellent insulating properties 
SOME IMPORTANT THERMOSETTING PLASTICS 
———————— 
Phenol-Formaldehyde Bakelite Phenol, Formaldehyde = Coal Tar, 1909 Hard, durable, good insulator, good Varnishes giving protective surfaces, 
Plastics Coal Gas and Air heat resistance, unaffected by moisture, Laminated products, phenolic cements 
greases and organic solvents 
Urea-Formaldehyde Urea, Formaldehyde Air, Coal, Gas, Water, 1924 Hard, durable, high tensile strength. Domestic plates, saucers, cups, control 
Plastics Coal Gas and Air Grease resistant. Without taste or smell knobs, bottle caps, urea-adhesives 
Melamine- Melamine, Cyanide from Coal, 1901 Good heat and chemical resistance Electrical parts. Textile and paper 
Formaldehyde Plastics Formaldehyde Coal Gas and Air insulator coatings and adhesives 
Casein Casein, Formaldehyde — Milk, Soya beans, 1901 Resembles natural horn. Good insulator Buttons, buckles, knife handles, pens, 
Coal Gas and Air but poor water resistance. Easily worked knitting needles, cheap jewellery 
and can be brilliantly coloured 
Alkyd Plastics Glycerine, Petroleum, Animal Fats, 
Maleic Anhydride Coal Tar, 
b Phthalic Anhydride Coal Tar 
Silicone Plastics Siliconetetrachloride Brine, Sand, Coal, Oil 
Polymethy! ‘Perspex’, ‘Diakon’ Acetone, Petroleum, Coal 1932 Tough, light, good weathering Advertising signs, display stands, light 
Methacrylate Sodium Cyanide properties, naturally glass-clear fittings, cockpit covers, cabin windows, 
wind-screens, pick-up arms for record 
layers, telephones, t riter k 
Polypropathene Propene Propathene Petroleum ee egies eas 38 
Polyamides ‘Nylon’ Adipic Acid, Coal Tar, 1935 Made of very large molecules. Light but Artificial fibre. Making cams, light gear 


Hexamethylene Diamine Coal Tar 


very strong and tough 


wheels, components for calculating 
machines, insulating cable, food 
packaging, brushes ofall sorts 
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INTO HEAT ENERGY 


Current energy is ‘lost’ in electrical 
resistor. Its potential, or voltage drops. 
In an electric fire, the ‘lost’ energy is 
converted into heat. 


LL types of opposition offered to 
electric currents in circuits are 
called impedances. Electrical resistors are 
only one of three kinds of impedances. 
The others are called inductors (coils of 
wire) or capacitors (plates separated by 
a thin insulating gap). Of these, only 
resistance can be a wasteful form of 
impedance. Electrons give up some of 
their energy to fixed atoms in the 
resistance wire. The electrons can 
never recover this energy, which is 
radiated away from the wire as heat. 
This is not wasteful if the heat is 
wanted — in an electric stove or electric 
fire for example, where the heating ele- 
ments are electrical resistances. 

In the two other forms of impedance 
the electric current has to give up some 
of its energy to overcome the im- 
pedance, but this energy is kept in a 
form which can be given back directly 
to the electric current. In a capacitor, 
the energy is stored in an electric field, 
and in an inductor, in a magnetic 


1964 


ELECTRONICS 


field. When these fields collapse, their 
energy can be given back to the electric 
current. 

Pure resistance is the same whether 
the current is a steady one-way flow 
(direct current) or a to-and-fro flow 
(alternating current). But impedance 
of capacitors and inductors applies 
more to alternating currents than 
direct currents. The only impedance 
to a steady current offered by an 
inductance is its own resistance (no 
circuit component can be made com- 
pletely free of resistance). All electric 
currents are surrounded by magnetic 
fields, but if the current is steady, the 
field is constant and requires no extra 
energy from the current to maintain it. 

If the current is changing however, 
the field changes too. During part of 
a cycle of alternating current the field 
will be built up to a maximum. Then 
the field starts to collapse to nothing 
as the current decreases to zero and 
starts flowing in the opposite direction. 
The field builds up and collapses in the 
opposite direction. Each time the field 
builds up the current gives some of its 
energy to the magnetic field. Each 
time the field collapses energy is given 
back to the current. This form of im- 
pedance, which is also called inductive 
reactance, increases as the rate of change 
in current increases. It is proportional 
to the frequency of an alternating 
current. 

Capacitors offer an infinitely large 
impedance to direct currents. They do 
not offer an infinitely large resistance, 
because this would imply that the 
capacitor was using up all the electrical 
energy supplied to it. Electrical char- 
ges accumulate on both sides of the 
capacitor, and an electric field appears 
in the space between the plates. A 
steady current cannot be transferred 
from one plate to another, so its 
impedance is said to be infinite to 
steady currents. 

When the current changes, the 
charges on one side of the gap change. 
The field alters, and since the field acts 
as a link between the plates, it affects 
the charge on the plate. Electric char- 
ges flow to and from one plate as 


ance across the gap. Conversely, all 
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charges flow from and to the other 
plate. The higher the frequency of the 
current, the easier it is for variations 
on one side of the gap to be passed on 
to the other side. The impedance de- 
creases as the frequency increases. The 
impedance of a capacitor is called 
capacitative reactance. 

This property of being able to stop 
the passage of direct currents while 
allowing through alternating currents 
is used in every electronic circuit. 
Real and imaginary impedance 

It is impossible to make inductors 
without resistance, or capacitors with- 
out a small amount of leakage resist- 
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of inductance and capacitance. So the 
impedance of any electrical compo- 
nent is usually a complex mixture of all 
three kinds. 

The real part of any impedance is the 
part which causes the irreversible 
change of electrical energy into heat 
energy. The other parts of the im- 
pedance are called imaginary because 
there is no real wastage of energy 
involved. 


FAMOUS SCIENTISTS 


Sir William 
Henry Bragg 


SiR WILLIAM HENRY BRAGG (1862-1942) played 
an important part in the early study of crystals using 

X-rays, rays similar to those of light but with a much 

shorter wavelength. 

A crystal is an arrangement of atoms or molecules 
arranged in a regular pattern. In 1911 a German scientist, 
Max von Laue, discovered that when a narrow beam 
X-ray falls on a crystal it is scattered as a regular pattern 
of ‘diffracted’ beams. As the X-ray waves sweep through 
the crystal, the atoms scatter them, and these diffracted 
beams appear in directions where the scattered waves from 
all the atoms add their effects together. By studying this 
effect it is possible to find how the atoms are arranged in 
the crystal. This was a great scientific advance because we 


must know the atomic structure of matter in order to 
explain its properties. 

W. L. Bragg, then a student at Cambridge, first used von 
Laue’s very complex method to work out the structure of 
common salt, NaCl. W. H. Bragg then devised a far more 
powerful and simple instrument, the X-ray spectrometer 
which made it possible to find more complex structures, 
such as that of diamond. His great discovery was the 
existence of X-rays of definite wavelength characteristic of 
the atoms. The Braggs, father and son, were jointly 
awarded the Nobel Prize for Physics in 1915. 


X-RAY SOURCE 


CRYSTAL 


DNIZATION 
CHAMBER 


The original form of Bragg’s X-ray spectrometer. A narrow beam of 

X-rays enters the system from the lead box on the left. It is scattered 
by the crystal mounted on the small table in the centre. The X-rays 
are scattered as a regular pattern of diffracted beams. These are 
picked up by the wonization chamber on the right. When the 
chamber is filled with a heavy gas, such as methyl bromide, about 
80%, of the beam is absorbed, and ionizes the gas. The outer wall 
of the chamber is connected to a source of high electric potential. The 
potential drops when the gas is wonized and allows a current 
leakage through it. The potential drop is shown by the electroscope, 
and measured with the microscope. 


The crystal structure of common salt (left) was worked out using 
very complex methods of X-ray diffraction analysis. Then W. H. 
Bragg devised a much simpler method, which enabled him to find the 
structure of diamond (right). 
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ties in the road surface above. Another 
disadvantage is that they are subject to 
serious shrinkage in dry weather. A 
sandy soil on the other hand has a 
much greater strength and _ resists 
deformation. Asaresult itis not so 


CRYSTALLINE 
LIMESTONE PROVIDES 


LAY SOILS ARE 7 saNDY soiLs 


STEADILY COMPRESSED 
BY VARIABLE AMOUNTS 
ANDMAY PRODUCE 
DEFORMITIES IN THE 
ROAD ABOVE 


~y ‘Z a 


= Sep 
Sets: Sigs SGABS et 


ARE MUCH ‘STRONGER’ 
THAN CLAYS AND 
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The path of a road may cross all sorts of underlying rock and soils. The strength of this 
foundation controls the thickness of the rest of the road. 


HE actual road surface is a very 
small part of a road’s total con- 
struction. Beneath, there must be a 
sound soil or rock foundation (the sub- 
grade). If the foundation is inadequate 
the road will have a very short life. 
The lack of support means that the 
surface will break up into pieces. 

The best subgrades are of solid 
rocks, compacted gravels or the undis- 
turbed, soil foundation of an older 
road. In such instances, the rest of the 
road (the pavement) can be laid directly. 
But soils usually cover the rocks and 
rarely are they in a suitable condition 
to support the flow of traffic. Under 
the weight they may be steadily 
pressed into a smaller space, setting up 
stresses in the pavement above. In dry 
weather, some soil may shrink and 
crumble with disastrous results. Al- 
ternatively, in wet weather, water- 
logging may cause the same _ soil to 
become so plastic that a load can no 
longer be supported. 

Before a new road is constructed the 
first job is to take soil samples along 
the projected route. The samples, 
packed in airtight tins, are sent to 
laboratories for analysis. There, the 
soil composition is investigated to- 
gether with such soil properties as 
compressibility (the degree the soil can 
be compacted), cohesion (bonding of 
soil particles), permeability to water, 
retention of water flow, and plasticity. 

From the results the road engineer is 
able to decide on the best way to im- 
prove the soil foundation. Further, 
from many experiments that have 
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been carried out he knows what thick- 
ness of the pavement is necessary to 
carry the expected traffic. A durable 
road is then produced at minimum 
costs. 

In the past, allowances were in fact 
made for the variety of subgrade en- 
countered. It was common sense to lay 
a thicker pavement on top ofa soft clay 
soil than on a solid granite surfgce. 
But there was no exactness; rule of 
thumb methods were usual. The care- 
ful scientific approach today has not 
only ensured a greater degree of road 
safety but also it has lowered costs of 
construction and maintenance. 
Stabilizing and Compacting Soils 

Clays are poor soils for road founda- 
tions, as in a moist condition they can 
be very compressible. Under load, 
they are steadily compacted by vari- 
able amounts and so produce deformi- 


compressible and has a much greater 
strength. Shrinkage in dry weather is 
small compared with clay soils. The 
very worst foundation for roads is 
peat. It is so very easily compacted. 
Peat deposits are to be avoided even 
if roads have to be re-directed or, 
alternatively, removed. 

The construction engineer has two 
methods of improving a soil founda- 
tion. He can stabilize it and compact it. 
Stabilization is the act of producing a 
subsoil that is not affected by changes 
in moisture during the year. Such 
natural hazards as desiccation and 
waterlogging must be _ avoided. 

Effective land drains must be pro- 
vided to carry off excessive water. 
Weak soils can be improved by mixing 
with it other materials, e.g. gravels 
and sand with clay. In some cases 
binding material such as bitumen or 
cement can be mixed with the soil, 
with most beneficial results from the 
point of view of permeability to water 
and increase in strength. 

Compaction involves rolling and ram- 
ming the subsoils. Particles become 
more closely pressed together and give 
a firmer support. Under the load of 
traffic, further compression must not 
occur. 

It is very important that the soil 
making a road subgrade is uniform in 
all its properties. Any stress that is 


Laying the sub-base o a flexible bituminous pavement onto the subgrade. (Wheatley 
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transmitted to the pavement above 
must at least be evenly applied so that 
points of weakness are not set up. 

If stabilizing ingredients are to be 
added, the -subsoil and ingredients 
must be well mixed. Mixing can be 
done in a machine. This involves a lot 
of mechanical labour -— lifting and 
carrying. Usually it is done on the 
spot; the subsoil is ploughed, the 
ingredients are added and then evenly 
spread by churning and raking. 

The Pavement 

When the earthworks are complete, 
the pavement can be laid. There are 
two sorts — a rigid concrete pavement 
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and a flexible bituminous pavement. 
The type chosen to complete the road 
is largely an economic consideration. 
If good local stone is available bitu- 
minous roads are favoured. In the 
absence of stones, concrete roads are 
more likely to be constructed. 

Rigid pavements are made in high 
quality reinforced concrete. The con- 
crete is not laid directly on top of 
the subgrade. A base is constructed 
first. The base material is hard, long 
lasting, capable of good compaction 
and unaffected by chemicals. Good 
base materials are hard clinker, 
crushed stone, compacted gravel and 
slag. The base gives the road extra 
support. In addition it is unaffected by 
frost. It is so tightly compacted that 
water is practically excluded. Any 
movement in the soil underneath due 
to the expansion of water on freezing 
is cushioned by the base layer. 

From earlier investigations of the 
subgrade strength, and knowing the 
quantity of traffic likely to be carried, 
the engineer adjusts the level of his 
base and concrete so that a sound road 
is produced at the minimum practical 
cost. If the subgrade is poor, for in- 
stance, and the road will be carrying 
4,500 commercial vehicles a day the 
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periments, the most su 
s of road pavement have been ca 
ording to the strength of the subg 
and the quantity of traffic. For quick re 
ence the information is put in graphica 
form. Thien is for roads which will carry 
000—4,000 commercial vehicles. 
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slab may be 11 inches thick and the 
base 6 inches. A normal subgrade, in 
contrast, needs a base of only 3 
inches and the concrete slab need be 


only 10 inches thick. 


Flexible bituminous roads consist of 
a subgrade, then a sub-base, then a 
base and finally a wearing surface. 
They lack the rigidity of concrete 
roads. The weight of traffic is evenly 
distributed throughout the various 
layers. Again, from the strength of the 
subgrade, the engineer calculates the 


thickness he needs. The sub-base is 


really the equivalent of the base of 


concrete roads. Sub-base material 
includes clinker, gravel, crushed stone 
— tough, lasting material not suscep- 
tible to frost action. The base usually 
consists of granular particles bound 


with cement or a tar or bitumen 


binder. 
Road Surface and Road 
Maintenance 

A road surface must prevent skid- 


ding — it needs to provide a strong grip 


for tyres. It must also be clean and 
uniform in colour and there must be 
no significant irregularities. 

In the past concrete roads often had 
inferior riding qualities to bituminous 
roads. But greater care in laying and 
finishing the concrete has overcome 
this disadvantage. The necessary sur- 
face texture to improve skid resistance 
can be formed at the time of construc- 
tion. If the surface is worn smooth 
through extensive use, a number of 
treatments are available renewing the 
gripping surface. 

Flexible roads are given a wearing 
surface either of asphalt or macadam 


(tarmac). Asphalt consists of fairly 
large stones not necessarily touching, 
embedded in bitumen. Tarmac is 
made of smaller stones, in contact 
with one another and bound to the 
road by a layer of tar or bitumen. 
Though tarmac is cheaper, the elastic 
strength of asphalt adds to the overall 
strength of the road; asphalt is also 
the more waterproof of the two. 

Careful investigation into the smal- 
lest details improve the quality of road 
surfaces. The choice of stone is im- 
portant; some types soon wear smooth 
and do not provide a good gripping 
surface. Even the correct thickness of 
bitumen laid is significant. Too little 
means the stones of the surface are 
soon removed, too much means the 
surface will be sticky in hot weather. 
Heating Roads 

Ice on the roads is a particular 
menace at sharp bends and steep 
slopes. Places likely to be excessively 
dangerous can be heated in winter 
sufficiently to prevent ice from form- 
ing. Grids of resistive cable are laid in 
the base-course of the road during 
construction and electricity is fed into 
them during cold weather by auto- 
matically controlled equipment. 
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F The tsetse fly shown diagram- 
matically feeding on an infected 
host. Parasites enter the host 
Srom the fly’s salivary gland. 
Fresh parasites enter the fly from 
the host’s blood stream. 


é 


[MEDICINE 
SLEEPING SICKNESS and the TSETSE FLY 


AFRICAN Sleeping Sickness is one 

of the most dreaded of tropical 
diseases and occurs in a broad belt 
stretching across the middle of the 
continent. It is one of a number of 
diseases — affecting both Man and 
other animals—that are caused by 
minute protozoan parasites called try- 
panosomes. Infection with these para- 
sites is technically called trypanosomia- 
sis. A lot of the poverty and 
backwardness in Africa has been 


ascribed to the existence of this disease 


The distribution of Gambian and Rhodesian 
sleeping sickness. 
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for it prevents Man and his animals 
from occupying what would otherwise 
be good land. 

There are many species of trypano- 
some but not all of them are harmful to 
their hosts. Rats, sheep and many 
others are often infected but show no 
signs of illhealth. Most kinds of try- 
panosomiasis occur only in tropical or 
sub-tropical areas. Examples include 
Sleeping Sickness (Africa), Chagas’ 
Disease (Tropical America), Nagana 
(an African disease of animals) and 
Surra, a serious disease of hoofed ani- 
mals and others occurring throughout 
the tropical and sub-tropical regions. 
Almost all trypanosomes are trans- 
mitted by insects. 

African Sleeping Sickness 

This disease exists in two different 
forms — Gambian (caused by infection 
with Trypanosoma gambiense) and 
Rhodesian (caused by T. rhodesiense). 
The Gambian form is commoner in 
the North and West of the region and 
the Rhodesian form in the South and 
East but they overlap to some extent. 
It is believed that Man is the only host 
of T. gambiense. The Gambian form of 
sleeping sickness is the less severe of the 
two and affected people continue to 


work for a time. They are then an 
important source of re-infection. Rho- 
desian sleeping sickness is a much 
more rapid and severe disease. Affec- 
ted people usually remain in their 
homes, away from the tsetse flies which 
transmit the disease. These people are 
not important sources of infection. The 
parasites exist (apparently without 
doing any harm) in various game dni- 
mals and Man picks them up by the 
bite of a fly when out hunting. 

The disease is spread mainly by 
species of tsetse fly. Parasites enter the 
mammal’s blood stream when the fly 
takes a feed of blood. The region of the 
bite becomes inflamed and this is fol- 
lowed by fever. and sickness as the 
parasites multiply in the blood stream. 
Loss of weight is considerable, es- 
pecially in the Rhodesian form of the 
disease. Later, the trypanosomes enter 
the brain and spinal cord and produce 
tremors and lethargy — hence the name 
‘sleeping sickness’. 

Unless treated early on, sleeping 
sickness results in death. The various 
stages may last some months (even 
years in the Gambian form) before 
death occurs. Drugs of various types 
(including compounds of arsenic) have 


effected cures in some cases and all in- 
fections are probably curable if treated 
early enough. 

Transmission of Sleeping 
Sickness 

The disease is spread mainly by 
tsetse flies of the genus Glossina. Both 
sexes of these insects feed on blood and 
they take up the parasite when they 
feed on the blood of an infected person 
or animal. If the meal is interrupted 
and the fly begins to feed on another 
person, it is possible for parasites 
adhering to the blood-sucking organ 
to pass directly to the new host. Other 
blood-sucking insects can also trans- 
mit trypanosomiasis in this way. In 
general, however, trypanosomes can- 
not be transmitted directly. They 
must undergo changes within the body 
of a tsetse fly before they can re-infect 
a vertebrate host. 

Sleeping sickness trypanosomes pass 
along the insect’s food canal with the 
meal of blood. Many of the parasites 
are destroyed by the digestive proces- 
ses but some survive and establish 
themselves in the mid-gut. There they 
multiply rapidly and, within two or 
three weeks — according to tempera- 
ture — trypanosomes appear in the 
salivary glands of the insect. The fly is 
then able to pass on the parasites when 
it next takes a meal. During its spell in 
the insect, the trypanosome passes 
through several stages. In the mid-gut, 
the parasite is usually long and nar- 
row. Those reaching the salivary 
glands are shorter and fatter. These 
are the forms that re-infect Man. 

Not all trypanosomes follow the 
same cycle of events as the sleeping 
sickness parasites. 7. brucei — one of the 
nagana-causing parasites — resembles 
the sleeping sickness organisms but 
T. vivax — another nagana-causing 
parasite — does not develop in the mid- 
gut. To complete the cycle, the para- 
sites must become attached to the 
inside of the blood-sucking organ 
(proboscis). They multiply there and 
then get into the salivary duct (hypo- 
pharynx) through which they enter 
another vertebrate host. T. congolense 
also causes nagana but it undergoes a 
period of development in the mid-gut 
before reaching the proboscis and 
salivary duct. 

Chagas’ disease is caused by T. cruzi 


Life cycle of Trypanosoma. 
Stages take place in the tsetse and 
in the human host. 
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but it is transmitted by blood-sucking 
bugs, not tsetse flies. The parasites 
develop in the hind-gut of the insect 
and pass out with its faeces. They enter 
the human host through cuts and sores 
on the skin. A similar life-history is 
found with some trypanosomes carried 
by tsetse flies. 
The Tsetse Fly 

Tsetse flies belong to the genus Glos- 
sina. They are confined to Africa but 
occur over most of that continent south 
of the Sahara. They are, however, res- 
tricted to certain situations such as 
open woodland around stretches of 
water. They te 
open spaces. 
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main vector (insect carrier) of Gam- 
bian Sleeping Sickness while the Rho- 
desian form is carried mainly by 
G. mortisans. This species also carries 
T. brucei which causes nagana in cattle. 

Tsetse flies are a little larger than 
house flies and are brown in colour. 
They are biologically peculiar in that 
they do not lay eggs. Every ten days or 
so, the female brings forth a full-grown 
larva which has been nourished by 
secretions of the uterus. When it leaves 
the parent’s body, the grub does not 
feed but immediately starts to burrow 
into the soil where it forms a pupa. The 
adult fly emerges some weeks later to a 
life of almost daily blood-sucking. 
Controlling the Tsetse Fly 

The control of sleeping sickness is 
closely tied up with the control of the 
tsetse flies that carry the disease. 
Several species of fly are involved and 
all have slightly different habits. Con- 
trol is therefore difficult and none of 
the methods tried so far has met with 
complete success. 

Insecticides have reduced tsetse fly 
numbers considerably in some areas 
but this method is expensive and by 
itself not altogether satisfactory. When 
combined with bush clearance it has 
been successful. Clearing scrub around 
lakes and rivers has removed the shade 
so necessary for tsetse fly and this has 
made many areas habitable by Man. 
Glossina mortisans has been controlled 
in some regions by destroying ante- 
lopes and other game on which the 
insect depends largely for its food. 
Clearing of vegetation and human 
settlement seems to be the most satis- 
factory way of controlling tsetse fly. 
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ELECTRONICS 


Finding the Characteristics of 


ELECTRONIG valves deal with 

currents and voltages. By con- 
trolling a current flow, the triode valve 
is able to amplify voltages. Before a new 
type of valve is put on the market, it 
must be tested to see what it does to 
currents and voltages fed into the 
valve. The valve is designed to work 
within a certain range of currents and 
voltages. It is connected into a test 
circuit, where the currents and vol- 
tages in and out of the valve can be 
controlled, regulated, and measured. 
In simple laboratory test equipment, 
the circuit is similar to an actual 


amplifying circuit. The differences 
are that the resistors setting the volta- 
ges of grid and anode are variable, and 
that the circuit contains three measur- 
ing instruments — two voltmeters for 
measuring the grid and anode voltages 


Mutual Conductance(g¢g,, 


and an ammeter for measuring the 
current collected by the anode. 

Manufacturers have large, push- 
button valve testers, where there are 
many more dials, and where the 
results can be displayed automatically 
on an oscilloscope screen. 

In practice, the signal to be ampli- 
fied by the valve is an alternating 
signal usually fed into it through the 
grid. The signal is the varying voltage 
between the grid and the cathode. A 
direct current is used instead of an 
alternating current when the charac- 
teristics are being found. The value of 
the direct current is kept steady while 
readings are made: then it is altered 
to a new value, simulating the effect of 
a varying, alternating current. 

The results of the tests are plotted 
on graph paper as two sets of curves, 
called characteristic curves, or simply 
characteristics. These give the elec- 
tronic engineer practically all the in- 
formation he needs to know about the 
performance of the valve —how it 
amplifies, and the values of currents 
and voltages at which it works best. 

Three measuring instruments are 
used, giving three sets of readings of 
currents and voltages. On a single 
graph, it is impossible to show how 
more than two quantities vary at the 
same time. So while the values are 
being tested, the circuit is adjusted so 
that one of the measuring instru- 


ments, either the ammeter or one of 
the voltmeters, gives the same reading 
all the time. Then the other two can be 
varied. The readings for one of them 
are plotted on the horizontal ‘x’ axis of 
the graph, and the other up the verti- 
cal ‘y’ axis of the graph. The reading 
of the third instrument is kept steady 
until a set of readings for the first two 
has been made, over the working 
range of the valve. 

One of the characteristics shows the 
variation of anode current with grid 
voltage. This shows how small changes 


in the grid voltage produce large 
changes in the anode current. The 
reading on the other voltmeter, the 
one reading anode voltage is kept con- 
stant at, say, go volts. 

In a typical triode valve, the anode 
current would start flowing when the 
grid voltage was about —2 volts. It 
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would increase, as the grid voltage in- 
creased, to a maximum value, called 
the saturation current. When the results 
are plotted on a graph, the middle 
part of the line is straight, and the 
ends are curved. This is the typical 
form of a characteristic curve. 

Then the anode voltage is changed 
to a slightly higher value —say 100 
volts. The anode current starts to 
flow when the grid voltage is about 
—4 volts. It increases up to almost the 
same saturation current value, as the 
grid voltage is increased and made 
positive. This second characteristic 
curve is almost parallel to it over the 
straight portion. 

The same procedure is carried out 
with anode voltages of 110 and 120 
volts — and perhaps even higher values, 
depending on the type of triode valve 
under test. The result is a ‘family’ of 
characteristic curves. 

. The other set of characteristic curves 

is found in a similar experiment. This 
time the grid voltage is kept constant, 
while the anode current and anode 
voltage vary. It involves adjusting the 
variable resistors in the circuit so that 
the voltmeter connected between the 
grid and the cathode always gives the 
same reading for one curve. Curves 
might be drawn for grid voltages of 
0, —2, —4, —6 volts and soon. 

The straight portion of the charac- 
teristic is the most useful part. Valves 


g,,» f, and p are related by a simple 
equation. 
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Once two are known, the third can be 
calculated. 

Typical values for a triode valve are 


r, = 8,000 ohms 
8, = 2°5 milliamps/volt 
p= 20 
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are usually operated so that their cur- 
rents and voltages correspond to this 
part of the characteristic. Here the 
anode current is proportional to the 
grid voltage (on the first characteris- 
tic) and the anode current is propor- 
tional to the anode voltage (for a given 
grid voltage). This means that the 
valve amplifies all signals by the same 
amount, whether they are weak or 
strong signals, the ratio of output 
signal to input signal is constant. 
Interpreting the Characteristics 
Three important qualities associated 
with any triode valve are its mutual 
conductance, its anode resistance and its 
amplification factor. All these can be 
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obtained from the straight portion of 
the characteristic curve. The mutual 
conductance is the slope of the first 
characteristic, and is a measure of con- 
trolling action of the grid. The anode 
resistance is obtained from the slope of 
the second characteristic. It is possible 
to use it to represent the output 
resistance of the valve in a circuit. 

From all the meter readings, it 
would be possible to draw a third set of 
characteristics curves, showing anode 
voltage against grid voltage. The slope 
of the curve is the amplification factor of 
the valve. This can, however, be ob- 
tained from the other two charac- 
teristics. 
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({HLORINE, the yellow-green poisonous gas, is found 

mainly in combination with sodium as common salt, 
(sodium chloride, NaCl). It is washed out of rocks and 
carried down to the seas by rivers, where it forms more 
than 3% of the ocean’s weight. It is found in some parts of 
the world in salt beds, (old dried up seas) which are some- 
times 200 feet in thickness. From these, sodium chloride is 
quarried in the form of rock salt. Chlorine gas, on its own, is 
never found in nature — it is far too reactive. 

Chlorine gas, when thoroughly dried and purified, is not 
very reactive but in the presence of small traces of water, 
(always there when the gas is prepared in the laboratory or 
in industry) it becomes very active. A large range of 
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Ethylene has a double unsaturated bond joinihg the two carbon 
atoms, so there are two ‘spare’ electrons available. These are 


given to two chlorine atoms to make up complete shells of 
eight electrons in them, so ethylene dichloride is formed. 


The chlorineatom has 7 elec- 
trons in its outer shell, and 
most of its chemical reactions 
result in it achieving a full shell 
of 8 electrons, needed to 
make it unreactive. 
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Chlorine atoms can replace other atoms in a substitution re- 
action. It can displace hydrogen atoms from the fully saturated 
compound. ethylene dichloride. 
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Chlorine is a very powerful oxidizing agent. If passed into 
solution of stannous chloride, the stannous (Sn*+) ions are 


oxidized to become stannic (Srit***) ions,the chlorine atom 
‘stealing’ electrons from the stannous ions. 
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example sulphur, arsenic and phdsphorugy% 
vigorously in chlorine, and in the presence Of Stf 
hydrogen and chlorine combine explosively. Chiormie 
also combines with zinc and iron to form chlorides when ~ 
heat is applied, but will attack other metals only in the 
presence of traces of moisture. It liquefies at about — 34°C 
to a dark green liquid 

Apart from its appearance and pungent odour a test for 
chlorine gas is to see whether moist red litmus paper is 
bleached by the gas. The gas itself does not act as a bleach 
because the dry gas does not affect a piece of dry litmus 
paper. The bleaching action is caused by formation of 
hypochlorous acid(HOC])when chlorine is dissolved in 
water: 


e 


Cl, + H,O = HCl + HOCI 
When combined with oxygen, the chlorine atom forms a 
hypochlorite radical (OC1) that seems to possess bleaching 
properties. Thus, the formula of bleaching powder is often 
represented by Ca(OCl)s, although the true structure is 
rather more complicated than this. 
Addition and Substitution of Chlorine 

Two important properties of chlorine are the ability to 
take part in addition and substitution reactions. In the 
addition reaction an unsaturated compound — one that 
can accept additional atoms to use all the available 
valency bonds — takes in the chlorine atom. Chlorine, like 
all the halogens, can be accepted in this way because it 
needs an additional electron to make up a full quota of 
eight electrons in its outer electron shell, and the atoms in 
the unsaturated compounds can provide them. 

Addition reactions take place with both inorganic and 
organic unsaturated compounds. For example, carbon 
and oxygen are held together in carbon monoxide by a 
‘double’ unsaturated bond which can be broken into by 
chlorine to form the saturated compound, phosgene: 

The unsaturated organic compound ethylene is saturated 
by chlorine to form ethylene dichloride: 
C,H, + Cl, =a C,H,Cl, 

In substitution reactions, chlorine atoms show the 
ability to push out other atoms and take their places in 
saturated compounds. For example, it displaces hydrogen 
from both ammonia and methane to form nitrogen 
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trichloride and carbon tetrachloride: 
NH; + 3Cl, > 3HCl + NCls 

These reactions normally take place in a number of 
stages and in fact the partly substituted chloride of 
methane, CHCls, is the well known compound, chloro- 
form. 
Chlorine as an Oxidising Agent 

Another important chemical property of chlorine is that 
it can act as a powerful oxidising agent. It should be remem- 
bered that a proper definition of oxidation is not neces- 


“sarily concerned with oxygen but with the loss of electrons ™ 


e@.from the atom. For example, when chlorine is passed into 
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stannous chloride solution the stannous ions.are oxidised to 
become stannic ions: 
SnCl, + Cl, ->SnCk, or 
Sn?* + Cl, -—>Sn** + 2Cr. 

Once again, this is an example of chlorine atoms, short of a 
single electron to make up the ‘magic number’ of eight in 
the outer shell, ‘stealing’ a single electron from another 
atom. 
Compounds of Chlorine 

Chlorine, in combination with other elements, gives rise 
to a series of compounds called chlorides. The gas hydrogen 
chloride (HCl) dissolves in water to form hydrochloric 
acid, a most important chemical reagent. The family of 
metallic chlorides is formed by the action of hydrochloric 
acid on the metals themselves. For example, when the acid 
acts on metallic zinc, zinc chloride is formed: 

Zn + e2HCl > H, + ZnCl 

Chlorides are also formed by the action of hydrochloric 
acid on metallic oxides. Then, water is liberated instead of 
hydrogen. 
Chlorine also combines with oxygen to form a series of 
oxides — dichloric monoxide Cl,O, chlorine dioxide ClOg,, 
chlorine trioxide ClO3, and dichloric heptoxide Cl,O,. 
When these oxides are dissolved in water they form a series 
of oxyacids — hypochlorous acid (HOCI), chlorous acid 
(HCIO,), chloric acid (HCIO3), and perchloric acid 
(HCIQ,). 
Chlorine and the other Halogens 

Chlorine is the second member of the seventh group of 
the periodic table — the halogens. All members of this group 
have seven electrons in the outer shell and they have many 
properties in common. In fact, the halogen family serves as 


ONN ON TO 
MERCURY |CATHODE 


Chlorine is produced in the cell by the electrolytic method. When a 
current ts passed in the brine chloride tons pass to the graphite anode 
and chlorine gas is given off. Sodium ions pass to the mercury 
cathode where they form an amalgam. The amalgam ts replaced by 
new mercury. 


an excellent demonstration of the way the periodic classifi- 
cation works. All of the members — fluorine, chlorine, 
bromine, and iodine are oxidising agents and take part in 
substitution and addition reactions. As the members of the 
family become heavier and heavier, however, the re- 
activity is not so great. Fluorine is thus a stronger oxidising 
agent than chlorine, for example, and chlorine a stronger 
oxidising agent than bromine. 

The physical properties are likewise similar, with the 
boiling and melting points increasing with an increase of 
the atomic weight. 

Preparation of Chlorine 

In the laboratory, chlorine is prepared by the action of 
hydrochloric acid on manganese dioxide: 

MnO, + 4HCl ->MnCl, + Cl, + 2H,O 
but chlorine is also released by the action of hydrochloric 
acid on either potassium permanganate or bleaching 
powder. 

On the industrial:scale, although chlorine was for many 
years produced by chemical means, electrical processes are 
now used. 

In the Kellner-Solvay process a layer of mercury flows 
slowly over the bottom of a cell. The mercury forms a 
cathode and graphite anodes are suspended, in a brine 
solution, above the mercury. The sodium ions (Na*) can 
travel to the mercury and form an amalgam with it. The 
sodium-mercury amalgam then flows into a water-filled 
vessel where the sodium attacks the water and forms soluble 
sodium hydroxide, whilst the pure mercury flows on. The 
chloride ions (Cl) are passed to the cathode where they 
lose their charge and form chlorine gas. 


Chlorine in the presence of moisture acts 
as bleach. It is identified by its action on 


moist red litmus paper, which it bleaches 
white. 
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MATHEMATICS 


NUMBER SYSTEMS 


COUNTING AND ADDING IN FIVES 


OUR number system is based on 

counting in tens. There are ten 
digits, from o to g. After this come the 
number of tens, and the number of 
tens of tens (hundreds). 31 is equal to 
three tens and one unit. 648 is equal to 
six hundreds plus four tens plus eight 
units. 

31 = 3 tens + I unit. 

648 = 6 hundreds + 4 tens + 8 units. 
The ‘tens’ scale is called the denary 
scale. . 

When adding in the denary scale, 
the units are added together first, then 
the tens, then the hundreds, and so on. 
When the number of units comes to 10 
or more, extra tens are carried on to 
the tens column. When the number of 
tens is 10 or more, extra hundreds are 
carried on to the hundreds column. 

Ten is by no means the only basis 
for a number- system. Ancient man 
used to think in fives because he had 
five fingers on his hand (the clumsy 
Roman system is also based, among 
other things, on fives). There is no 
number five in a system based on five. 
Neither are there the digits 6, 7, 8, 9. 
5 in this system is written as 10, and 6 
as 11. Counting in fives goes: 

17S; 90.4, FO, 14532513 95-44.20:5, 5 
21 in the ‘fives’ system does not stand 
for the same number as 21 in the 
denary system. 21 in ‘fives’ corres- 
ponds to 11 in ‘tens’. 

No one now uses the fives system, 


The Denary Scale 


Numbers are written as a number of units, plus a number of 
tens, plus anumber of tens of tens, and soon. 


3035010 

300 =3 x 10 x 10 

3000 = 3 x 10x 10 x 10 
and 

sr—3 x 10-5.) 

gst 3 OX 10-3 x 10-E 
3231=3x 10x 10x 10+2x 10x 10+3x 10+ 1 
Lt Diese 34010; Sle 12. 3. 14 Ze 
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but a great many modern electronic 
computers think in a ‘twos’ system. 
This is called the binary system. There 
are no symbols 2, 3, 4, 5, 6, 7, 8 or 9. 
2 becomes 10. 3 becomes 11. 4 becomes 
100, and so on. In fact, all numbers are 
represented on the binary scale by 
just two digits, 1 and o. 
Denaryii?¢.4°4. 5,9 -9. 8 
Binary: I 1011 IOOIOI IIOIII 1000. 

There is a straightforward way of 
converting any denary number into a 
binary number. The denary number is 
successively divided by 2. Each time 
there is a remainder, it forms part of 
the binary number (the remainder can 
either be 1 or 0). 

For example, 7 divided by 2 is 3- 
remainder-1. The first digit of the 
binary number (starting from the 
right) is therefore 1. To find the 
second digit, 3 is divided by 2. The 
result is 1-remainder-1. The second 
digit is 1, and the third digit must also 
be 1, for there is only a 1 remaining. 
This method works for all numbers, no 
matter how large. If an even number 
(i.e. divisible by 2) appears at any 
stage, the remainder is 0, and a o digit 


ONE FINGER 
ON THE LEFT 


HAND EQUALS 
FIVE ON RIGH 
= 


ee 


Numbers are written as a number of units, plus a number of 
fives, plus a number of fives of fives, and so on. 


30=3x5 Ce on the denary scale) 
300=3x5x5 5 onthe denary scales 
ane =3x5x5 x 5(375onthedenary scale 
an 
31=3x5+1 16 onthe denary scale) 
331=3x5x5+3x5+1(9l onthedenary scale) 


A scale of five number can be converted to a denary number by 
this method — adding the denary equivalents of each of the 
parts of the number. 


is inserted in the binary number. 

The binary system is particularly 
useful because the o and 1 can stand 
for ON and OFF in an electrical cir- 
cuit. Digital binary computers are 
really complicated switching net- 
works, capable of two positions, either 
ON or OFF. It is possible to design the 
switches so that the computer can add 
and subtract—in fact perform all 
arithmetical processes. Though there 
are many more digits in a binary 
number to add and subtract, each 
separate addition is simpler, because 
the answer can only be either 1 or o. 


Denary: 17 
49+ 


66 


Binary: 10001 


110001 + 
1000010 


It can easily be checked (by successive 
division by 2) that 66 in the denary sys- 
tem is 1000010 in the binary system. 


There are only three rules to remem- 


ber when adding: 
o+o=o0 
I+o=I1 
I+1=10 
There are similar rules for subtraction: 
I—]=0 
IQ.— 1.) I 
l= Ov==..I 


A desk calculating machine is un- 
likely to add in twos. Ten is a more 
likely scale because the numbers do 
not then need to be transformed into 
binary numbers before they are fed to 
the machine. The calculator is based 
on drums with ro possible positions. 
The drums are coupled together so 
that, after the ninth position, the 
drum moves the next drum on the left 
on one space. This corresponds to 
‘carrying one’ in ordinary addition on 
the denary scale. 

Some desk calculators in Britain 
think in twelves, because there are 


Binary Addition 
1010 
+ 1011 


twelve pennies in a shilling and 
twenties, because there are twenty 
shillings in a pound. The drums then 
have either 12 or 20 positions, and are 
coupled as in the denary desk cal- 
culator. 


a 
Binary subtraction 


10101 
—1010 


The Binary Scale 


Numbers are written as a number of units, plus a number of 
twos, plus anumber of twos of twos, and soon. 
lo=1 x2 (2 on the denary scale) 
1l00=1x2x2 (40n the denary scale) 
1000 = | x 2 x 2 x 2(8 onthe denary scale) 


and 
Li =1-x2 2) <2 | 


lOlo0=1x2x2x2+1x2 


(7 on the denary scale) 
(IC on the denary scale) 
A binary scale number can be converted to a denary number by 
splitting it up, like this, into units, twos, twos of twos, and so 
on, and then adding up the total in denary scale numbers. 


Converting from Denary to Binary 


The method involves dividing one denary number repeatedly 
by two. The remainders form the binary number. The denary 
number 42 is taken as an example. 


2)4221 groups of 2 


remainder 0 


remainder 


Vl le 


2)21 10 groups of 2 x 2 


ee 


2)10 Sgroupsof2 x 2x2 remainder 


2) 5 2groupsof2 x 2 x 2 x2 x remainder 


2) 2 I groupof2x2x2x2xX2 remainder 


oa 


So the binary equivalent of 42 is 101010. 


122 123 Fives 
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The Odometer and the Desk Calculator 


The odometer is the instrument in a car which records the 
mileage. It is a simple calculating machine, and works on the same 
principle as the desk calculator. 

It consists of a number of wheels, with numbers from 0 to 9 
printed around the rim of each wheel. The wheels are arranged 
side by side, and connected so that as each wheel makes one 
complete turn, it turns the wheel on its left around one space. 
The wheel on the right records miles, the next wheel tens of tens 
of miles, and so on. The connection between the wheels allows 
numbers to be ‘carried on’. 

In mechanical desk calculators, keys are pressed down to feed 
numbers into the machine. For example, the number 238 would 
be introduced to the machine by pushing down the ‘2’ key in the 
hundreds column, the ‘3’ key in the tens column, and the ‘8’ key 
in the units column. When the lever is pulled back, the wheels 
turn to represent this number. It shows through a small ‘window’ 
in the machine. 

If the number 735 is to be added to this number, the 7, 3, and 5 
keys, in the hundreds, tens and units columns respectively, are 
pressed down. The wheels have already been moved to the 238 
positions. When the machine’s lever is pulled a second time the 
units wheel moves around another 8 positions. It passes the 0 mark 
and the tens wheel is moved around one position. The units wheel 
finishes moving as the ‘3’ appears in the window. 

The tens wheel has already been turned around one by the units 
wheel. Then it turns around another 3 positions, giving a total of 

ato? le 
in this column. The tens wheel does not go beyond the 9 mark, so 
no number is carried on to the next wheel on the left, the 
hundreds wheel. 

In the final column of the calculation, ‘7’ is added to ‘2’ to give 
*9’. So the final total of the machine is 973. A quick mental check 
shows that this is right, and that the machine has followed the 
normal method we use for adding numbers on paper. 


When another electrical pulse reaches a light which is already 
on, the lamp is switched off and a pulse is carried on to the next 


lamp on the left. The total is now I01110. 


INTERNAL 
CONNECTION 


Subtracting in a desk calculator works in a similar way. To 
multiply numbers, the calculator adds the same number many 
times. For example, to multiply 25 by 46, the calculator adds 46 25 
times to give the answer. 


The Electronic Binary Calculator 


The principle of this calculator, the basis of large electronic 
computers, can be shown by a panel of lights, which can be either 
ON or OFF. One pulse of electricity turns a light ON. A second 
pulse of electricity turns OFF the first light, and switches ON the 
light to its left. A light bulb switched ON represents the ‘I’ digit, 
and a bulb switched OFF the ‘0’ digit. 


aS) ee 


ann 
a) t 


The next pulse to be added affects the (2 x 2) lamp. The 
(2 X 2) lamp goes out and a pulse is carried along the arrays of 
lamps. The total is now II 


MATHEMATICS 


The integers are arranged on the number 
line, positive integers to the right and 
negative integers to the left. 


NUMBERS TO THE LEFT ON 
THE NUMBER LINE ARE 
EQUIVALENT TO NEGATIVE 
NUMBERS 


e 


, 2, 3, 4, 5, and so on are called the 
natural numbers. They are far from 
being the only kind of number. There 
is no such thing as a negative natural 
number. This raises difficulties when 
subtracting natural numbers. To un- 
derstand exactly what subtraction 
involves, it is best to deal in another 
kind of number system, the directed 
numbers, or integers. 

This can be seen by plotting the 
numbers so that they are evenly spaced 
along a line, the number line. The centre 
of the number line is zero, or the 
origin. It is marked o. All the numbers 
marked on the line to the right of o 
are written as R1, Ra, Rg, etc. The 


R,; 
(2 GOAN GES ISB CASE Gicls TRY SA ae Gee aa 
L, L, L, L, L, O R, R, R, R, Rs 
L, 


Adding a negative number 


Rs +L,=R, 
Since L, = —R, this is also 
equivalent to 
R,—R,= R, 
R 


Back to zero on the number line 


R,+L,=0 
Since L, = —R, this is also 
equivalent to 

R,—R; =0 


numbers to the left are written L1, L2, 
L3, and so on. Adding three units 
means starting at 0, and going three 
units along the R direction (the posi- 
tive direction) to arrive at R3. It is like 
going up in a lift from the ground 
floor to the third floor. After this, the 
instruction is to go down two floors. On 
the number line, this instruction would 
be La. It is equivalent to going two 
steps back along the number line to 
arrive at Ri. Then another instruc- 
tion of Li means arriving back at the 
origin again. Written mathematically 
this last step is: 
Ri+Li1=o 

Ri is, of course, what we normally 
write as +1, and Li is equivalent to 
Ti 

In most books, no distinction is 
made between the directed numbers 
and the natural numbers. But there is 
a difference, and, although eventually 
it is alright to interchange them, it is 
better to stay with the R and L 
notation until subtraction is com- 
pletely understood. 

One of the first difficulties in mathe- 
matics is realizing that ‘minus a minus 
equals a plus’. On the number line, 
this is easy to follow. 

In mathematical symbols, the prob- 
lem is: 

R3 minus La, for example. 
L2 is just the same as (minus R2), so 
the problem is equivalent to: 

R3 minus Ra. 
Minus R2 is the same as plus L2. The 
final way of writing the problem is: 


NUMBERS TO THE RIGHT 
ON THE NUMBER LINE ARE 
EQUIVALENT TO POSITIVE 
NUMBERS 


Rg plus Ra. 
In other words, in subtracting negative 
numbers the direction on the number 
line is reversed twice, and after two 
reversals is left pointing in the positive 
direction. 

This rule of arithmetic works for all 
directed numbers (or integers). So 
whenever a negative integer is to be 
subtracted, the process can auto- 
matically be turned into addition. 


| ELECTRONICS | 


The longest waves used for television broad- 
casts are about 21 feet long. The half-wave 
dipole aerial to receive these waves is 104 
feet long. The half-wave dipole on its own 
is omnidirectional — it receives signals from 
all directions. It can be used only when the 
signal is strong, and there 1s little danger of 
interference or echoes. 


ADIO and television broadcasts are 
sent out as electromagnetic waves 

— waves like light waves, but of much 
longer wavelength. These electromag- 
netic waves travel with the speed of 
light, and oscillate tens of hundreds of 
millions of times each second. Still, it is 
not difficult to visualize how long each 


The Half-wave Dipole 


“TELEVISION 


AERIALS 


wave must be. The television aerial 
gives a good indication because the 
length of each of its pieces is related toa 
television wavelength. 

Television aerials come in a wide 
variety of shapes and sizes. But in most 
of them the main part is a metal rod, 
divided at its midpoint, and made so 
that it is half a television wavelength 
long. It is called a half-wave dipole. The 
special cable leading to the television 
receiver forms the connection to each 
half of the dipole. Electromagnetic 
waves of all wavelengths are con- 
tinuously sweeping past the aerial 
with the speed of light and inducing 
minute currents to flow to and fro 
along the aerial. When the dipole 
aerial is about half the wavelength 
long, the current surges reinforce each 
other at all points along the aerial. In 
most aerials this happens not for just a 
single wavelength, but for a band of 
wavelengths, the width of which de- 
pends on the diameter of the rods 
making up the dipole. The maximum 
amount of radio wave ‘space’ taken up 
by any one broadcast is a band of 
frequencies eight million cycles per 
second (8 Megacycles per second) 
wide. The bandwidth of the aerial must 
be as wide as this. 

The longest wavelengths used for 
television are about 21 feet long. It is 


usual to quote the frequency of these 
waves rather than their wavelength: 
the frequency of these longest waves is 
45 million cycles per second. The 
dipole aerial to receive this signal is 
about 104 feet long. Longer and 
shorter aerials can pick up a signal if 
they are near the transmitter, and the 
signal strength is high. The half wave 
dipole has, however, several advanta- 
ges. It is an efficient aerial, and 
economical to make. It can also be 
used as the basis for even more 
efficient aerials. 

If two nearby transmitters are both 
broadcasting at 45 million cycles per 
second, receiving aerials in the vicinity 
pick up both broadcasts, and are 
unable to separate them. The two sig- 
nals interfere with each other. So 
neighbouring transmitters must trans- 
mit on different frequencies. The 
dipole aerials to receive them should 
have different lengths for efficient 
reception, although an aerial with a 
wide bandwidth may be able to receive 
several programmes if their difference 
in frequency is not great. 

Aerials for the first set of television 
channels (Band I) are between 10} 
and 7 feet long. Aerials for the next set 
of television channels (Band III) are 
three or four times shorter. It is the 
practice to use higher and higher fre- 
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INIMUM SENSITIVITY HERE 


Right: Electrical and magnetic fields associated with a half-wave dipole. Centre: The signal 
waves induce currents to flow in the aerial. It is easy for the currents to flow up and down the 
aerial when each piece of the dipole is a quarter-wave long. Right: the dipole receive signals 
from most directions. 


The ‘X aerial is a variation of the Yagi 
array, with a bent dipole and a bent parasitic 
element — in this-example, a director. This 
aerial is most sensitive to signals dropping 
down towards the aerial. 


quencies, so the half-wave dipoles used 
become shorter and shorter. Ultra 
High Frequency (U.H.F.) dipole 
aerials are only between six and 
twelve inches long. 

Reflectors and Directors 

The half-wave dipole on its own is 
sufficient only where the signal is 
strong and there is no danger of reflec- 
tions from surrounding buildings and 
hills. U.H.F. signals, especially, are 
distorted by surrounding obstacles, so 
a dipole alone is rarely used for 
receiving U.H.F. programmes. 

Most dipole aerials have additional 
element or rods added to them. These 
are called parasitic elements because they 
are not in direct electrical contact 
with the dipole. But currents are in- 
duced to flow, to and fro, in them, as in 
the dipole. Electrical and magnetic 
fields are set up around each parasitic 


The Yagi Array 


element, and energy is delivered to the 
dipole through the fields. The signal 
reaching the aerial is increased. The 
aerial also becomes directional. 

A parasitic element behind the dipole 
is called a reflector. It is slightly longer 
than the dipole. When the two are 
secured in position, the aerial becomes 
the familiar ‘H’. The reflector pre- 
vents waves travelling towards the 
aerial from its side of the ‘H’. It makes 
the aerial respond to signals from the 
front more than from the rear. It also 
improves the sensitivity, or gain, of the 
aerial in the forward direction. 

Parasitic elements in front of the di- 
pole are called directors and are smaller 
than the dipole. They increase the for- 
ward gain and make the aerial even 
more directional. An aerial with direc- 
tors has to be carefully aligned in the 
direction of the television transmitter. 

‘*X’ aerials consist of one dipole and 
one director or reflector, attached to 
the support at their midpoints. Most 
transmitters are situated about 1,000 
feet above sea level, so the main signal 
radiated away from them (the space 
wave) drops down towards the receiv- 
ing aerial. An ‘X’ aerial with the 
lower half of the dipole linked to the 
directors is sensitive to waves from 
above, but not from below, so it picks 
up only the broadcast waves, and not 
unwanted signals from the ground — 
for example, car ignition interference, 
or interfering waves from electric 
motors. 

U.H.F. Aerials \\ 

Ultra high frequency signals have 
shorter ranges than the very high fre- 
quency signals. of Bands I and III. 


REFLECTOR - THIS IS 
SLIGHTLY LONGER THAN 


VERTICAL AERIALS FOR 
VERTICAL POLARIZATION 
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Polarization 
Electromagnetic waves are variations 


| in electrical and magnetic fields which 


travel with the speed of light. Gener- 
ally speaking, the waves have an ‘up- 
and-down’ and a side-to-side compo- 
nent. Upright aerials send out only the 
up-and-down component —the wave 
is then said to be vertically polarized. An 
upright dipole aerial is needed to 
receive it. 

If the transmitting elements are 
horizontal, the waves they transmit 
consist of only the side-to-side compo- 
nent, and are said to be horizontally 
polarized. A horizontal aerial is needed 
to pick up the horizontally polarized 
signal. Nearly all U.H.F. transmissions 
in Britain and abroad use horizontal 
polarization. 

An le aerial will not pick up a 
horizontally polarized signal, and vice 
versa. One method of avoiding inter- 
ference between neighbouring trans- 
mitting stations is to make one send 
out vertically polarized signals and the 
other horizontally polarized signals. 
Then there is less likelihood of inter- 
ference between them. 


—— 


HORIZONTAL AERIALS FOR 
HORIZONTAL POLARIZATION 
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Parasitic elements — reflectors behind the 
aerial and directors in front of it — feed more 
signal energy to the dipole. The aerial 
becomes more directional, and can pick up a 
weaker signal in the transmitter direction. 


DIRECTOR - THIS IS DIPOLE 
SLIGHTLY SHORTER THAN 


COAXIAL 
THE DIPOLE LEAD 


1979 


DIRECTORS 


The shorter the wavelength the more 
likely it is to be absorbed or attenua- 
ted. U.H.F. aerials need more parasi- 


tic elements than V.H.F. aerials. 
Every additional director improves 
the forward gain of the aerial, as well 
as making it more directional. This 
helps to eliminate ‘ghost’ pictures, 
caused by reflections from surround- 
ing buildings and hills. 

The farther the aerial is from the 
transmitter, the more elements are 
needed to give a satisfactory picture. 
A typical U.H.F. ‘fringe area’ aerial 
has eighteen elements. One of these 


A typical U.HF. aerial. The directors are 
shorter than the dipole, and the reflector, in 
two parts, is longer than the dipole. 


consists of a grid reflector mounted 
behind the dipole and the other six- 
teen are directors, mounted in front of 
the dipole. The type of reflector varies 
according to the designers choice. 
Some have rods mounted in the form 
of a grid, others have a slotted plate or 
a wire mesh. 

Ifa larger number parasitic elements 
is used, the aerial becomes cumber- 
some and heavy. The directors also 
affect the electrical properties of the 
aerial, and an increase in forward gain 
is offset by other factors. 

Stacking two single aerial arrays 
side by side increases the directivity, 
forward gain, and bandwidth. 

U.H.F. signals are more easily de- 
flected and absorbed than V.H.F. sig- 
nals, and behave very nearly like light 
waves. So their range is not so great. 


For this reason they require more 
complicated aerials for satisfactory 
reception. Because the aerial elements 
are so small, however, this disadvan- 
tage is offset — it becomes easy to make 
compact arrays which are very effi- 
cient. Also, the wavelengths are short 
and a given power at the transmitter 
will radiate a stronger signal. Compact 
and efficient arrays are also possible at 
the transmitting station. 

As all the lower frequencies are 
already crowded, it is necessary to use 
the U.H.F. bands for new programmes 
in many countries. Each television 
programme takes up a band of fre- 
quencies from four to eight million 
cycles (4-8 Megacycles) per second 
wide. A single television channel 
takes up a bigger band of frequencies 
than all the medium and long-wave 
broadcasts together. 

When the transmitting frequency is 
of several hundred  megacycles 
(U.H.F. frequencies) there are far 
more available channels eight million 
cycles per second wide. 


PESTS, iE RSI SS AT REAL I SS PO 
Different Types of U.H.F. Television Aerials 


SCIENTIFIC INSTRUMENTS 


COUNTING BLOOD CELLS 


HE examination of blood samples 
is a routine part of clinical inves- 
tigations. Especially in cases of anaem- 
ia, it is important for the doctor to 
know if the number of red blood cells is 
normal. In a healthy man there are 
some five million of these cells in every 
cubic millimetre of blood. The figure 
for women is slightly lower. 
Blood-cell counts are normally 
done in hospital laboratories by 
trained technicians. They obviously 
cannot count millions of cells and so 
special methods and equipment have 
been devised. All involve the dilution 
of the blood to a known extent, thus 


FINELY 
RULED GLASS 
SLIDE 


Cell count with a microscope. The number of 
blood cells in randomly selected squares of 
the ruled slide are counted. The squares all 
have the same, known volume. 


reducing the number of cells to be 
counted. 
Counting with a microscope is rather 
slow and tedious but is still widely 
used. The diluted blood is put onto a 
special microscope slide which bears 
minute ruled squares each one four- 
hundredth of a square millimetre in 
area. A coverslip rests on a glass ridge 
so that the volume of blood in each 
square under it is exactly one four- 


thousandth of a cubic millimetre. 
Under the microscope, the number of 
blood cells can be counted for a num- 
ber of squares. A simple sum then 
gives the number of cells in one cubic 
millimetre of whole blood. 

The time factor, tedium and inevi- 
table errors of the above method have 
been considerably reduced by various 
electronic instruments. Some of them 
count cells automatically as they pass 
a photo-electric eye. The Coulter 
Counter is an ingenious piece of appa- 
ratus which relies on the difference in 
electrical conductivity between the 
blood cells and the liquid in which 
they are diluted. 

The Coulter Counter is simple to 
use and does not have to be cleaned 
after each operation. The diluted 
blood is placed in a beaker and a tube 
with a tiny hole in it is suspended in 
the beaker. This tube is connected toa 
vacuum pump and a mercury mano- 
meter. When the tap to the pump is 
opened the diluted blood begins to 
flow into the tube and the mercury 
column is unbalanced. A current of 
electricity flows through the blood 
suspension via the tiny hole. When a 
blood cell passes through the hole, it 
increases the resistance and a voltage 
pulse is generated. This is amplified 
and led to an oscilloscope where it 
appears as a vertical ‘spike’ on the 
screen. The size of the spike varies 
with the size of the cell. 

The cell count is not started until 
the vacuum pump is cut off. The mer- 
cury in the manometer adjusts itself 
and in doing so continues to draw 
blood through the hole. As it rises in 
one arm of the tube, the mercury 
opens a switch connecting to the 
counting device. The circuit is stopped 
again by the mercury when half a 
cubic centimetre of blood has passed 
into the tube. The counter thus 
counts cells in only this volume. As 
the dilution is known, the blood cell 
content of whole blood can be calcula- 
ted. An adjustable ‘threshold circuit’ 
is attached so that the instrument 
counts only particles above a certain 
size. Thus broken cells and platelets 
are not included in the estimate. 


The Coulter Counter showing the counting 
mechanism and oscilloscope screen. It can be 
used for counting both red and white cells 
with the appropriate setting. 


The principles of the Coulter Counter. A 
vacuum pump unbalances the mercury 
column and draws blood through the tiny 
hole. Each blood cell passing through creates 
a voltage pulse. As the mercury returns to its 
normal level it opens and shuts contacts to 
start and stop the counting mechanism so 
that the number of cells in half a cubic 
centimetre is counted. 
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FEEDING THE WORLD’S POPULATION 


GAME RANCHING — 


HEALTHY diet demands an 

adequate supply of proteins, car- 
— fats and vitamins. Under- 
nutrition results if not enough food is 
consumed each day. Malnutrition 
results if an unbalanced diet is eaten 
regularly. Diets over large parts of 
Africa and Asia are very unbalanced — 
containing only some 10 grams of ani- 
mal protein daily. A typical North 
American diet includes about 60 
grams of animal protein each day. 

Although, in the under-developed 
countries, cereals and pulses (beans 
etc.) provide a certain amount of pro- 
tein, there is still a considerable deficit 
of this major food material. Kwashior- 
kor — a disease caused by protein defi- 
ciency — is common throughout the 
under-developed countries of Africa, 
Asia and South America. The affected 
people — mainly children — become 
very thin and develop body sores and 
painful swellings. A small glass of 
milk taken daily can put things right 
by providing the extra protein re- 
quired but many millions of people do 
not get even this. 

Why is there this deficiency of pro- 
tein? In many cases—in India for 
example — there are religious restric- 
tions on eating animal flesh or animal 
products. In Africa, the soils are often 
so poor that they cannot support good 
grazing land. Cattle are therefore 
skinny and provide little nouris 


ment. What cattle there are are often 
kept as status symbols rather than as a 
source of food. The people subsist on 
a diet of cereals with a very low 
protein content. 

Where, then, is the much needed 
protein coming from? Vegetable 
crops, such as ground-nuts, can cer- 
tainly provide a supply and this may 
be valuable where the population is 
against meat-eating. Fish is a very 
important source of protein and much 
research is going on concerning the 
cultivation of fish in ponds. The 
people of Oceania eat a large amount 
of fish and have a high standard of 
health compared to the peoples of 
Africa and Asia. Many scientists, how- 
ever, favour game ranching, especially 
in Africa. 

Despite the poor soils found over a 
large part of the African continent, 
the region supports vast herds of ante- 
lope and other game. These animals 
have evolved with the flora of the 
continent and are far more efficient at 
converting the plant food into meat 
than are the introduced cattle. Each 
species usually has a favourite food 
plant — some graze one type of grass, 


~some another, while further species 


may browse on shrubs. This varied 
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© sary tof nd out how many animals or safely 
be killed each year. 
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The Saga Antelope of N orthern Europe and 
Asia is already used for food on a large scale. 
More than 100,000 animals are killed each 
year without harming the species as a whole. 


feeding means that a given area can 
support many more wild animals than 
it could domestic cattle. Cattle tend to 
graze only one type of grass and con- 
tinue to graze it until it is no more. 
African soils can rarely support the 
lush pastures necessary to maintain 
herds of cattle. Soil erosion then 
begins and the whole region deteriora- 
tes. The more efficient natural in- 
habitants do not overgraze the land. 
Moreover, the natural animals are to 
some extent immune to many of the 
local diseases. Their general health is 
always better than that of introduced 
animals. 

What possibility is there of using 
these wild animals for food? Work 
carried out on various African ranches 
shows that a given region gives a larger 
financial return from game than from 
cattle. The meat is acceptable to most 
of the population and if marketing 
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Locusts have been eaten for centuries in the 
countries where they occur. Ancient remains 
provide evidence for this. 


arrangements are worked out there is 
no reason why game ranching should 
not provide a good deal of the world’s 
much needed protein. 

In Africa there are many game ani- 
mals that could be used with advan- 
tage. Zebra, wildebeest, impala, eland, 
elephant and waterbuck are only a 
few. The saiga antelope is used in the 
same way in Russia and,for centuries, 
various Siberian peoples have kept 
semi-domesticated herds of reindeer. 

A lot of preliminary work is neces- 
sary before game ranching can be 
undertaken on a large scale. Indis- 
criminate shooting would soon exter- 
minate the game and provide only a 
temporary supply of meat. The aim of 
game ranching is to conserve the species 
in their natural habitat and to kill only 
that number that will maintain a 
steady population at equilibrium with 
the surroundings. The number to be 
killed annually depends upon the size 
of the population, the birthrate, the 
ratio of the sexes and several other 
things. 

The biology of the animals must be 
oughly studied to find out the age 
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at which they start to breed and the 
number of offspring produced at each 
time. Feeding habits will give ecolo- 
gists (scientists who study the relation- 
ships between living organisms and 
their surroundings) some idea of the 
numbers that a region can support. 
Rough surveys each year will show the 
approximate number of animals that 
can be removed without harming the 
population. As a rule, the young 
males are the main target of the 
hunters but enough must be left to 
ensure a constant supply of adult 
males each year. 

Apart from the greater amount of 
meat provided by game as opposed to 
domestic cattle, the cost of keeping 
game is far less. Extra fencing may be 
necessary but maintenance of good 
pasture ceases to be a problem when 
game is kept. There is also no need to 
protect the wild animals against dis- 
ease: they have a natural immunity to 
most of the local pests and diseases. 

Game ranching is a way of fulfilling 
two needs at once. It will provide the 
much needed protein — especially in 
Africa — and it will help to conserve 
wild life. Hitherto, indiscriminate 
shooting has endangered many species 
and upset the balance of nature. There 
has also been the threat of soil erosion 
by keeping too many cattle. The soil 
fertility and the balance of nature 
must be maintained if Man is going to 
get the most from the land. 

If the people can be persuaded that 
game ranching is a paying proposition 
it should work well. The added tourist 
attraction of herds of animals in 
natural surroundings is another point 
in its favour. Before it can become a 
common method of food production, 
however, up-to-date processing and 
preserving techniques must be intro- 
duced to the under-developed coun- 
tries. Meat deteriorates very quickly, 
especially in warm climates, and it is 
pointless to produce large quantities of 
meat unless it can reach the con- 
sumers in a palatable and nutritious 
condition. 

Food From Other Animals 

Game animals are by no means the 
only ones which might be used for food 
in years to come. Fish will be ex- 
ploited far more than at present and 
the ways of doing this will be outlined 


PROTEIN VALUES 
OF VARIOUS 
FOODS 


Top, the proportion of calories obtained 
Jrom cereal and animal products in a diet in 
the U.S.A. and in Africa. The African’s 
low intake of protein reflects an unbalanced 
diet of poor quality. Below, the protein 
values of a variety of foods. Obviously 
animal products are best items for restoring 
a protein balance. 


in a later article. Insects and molluscs 
are already eaten to some extent, and 
supply a useful protein addition to the 
diet. It may well be that, if ways of 
rearing and processing are discovered, 
such organisms could play a larger 
part in feeding the world’s population. 


Below, the soils in Africa rarely provide the 
lush pastures needed for cattle. Where they 
are good enough, the disease-carrying tsetse 


ly often closes the land. 
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PHYSICAL CHEMISTRY 


pour to Liquid— 
Critical Point 


e 


AT CRITICAL 
POINT FLAT 
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VAPOUR, liquid, solid — these are 
the three phases that a gas passes 
through as it is cooled. 

The molecules in a gas are in con- 
stant motion, and the higher the 
temperature, the greater the speeds of 
the molecules in the gas. As the gas is 
cooled at constant pressure the mole- 
cules slow down, and the gas occupies 
a smaller volume. As the average dis- 
tance between molecules becomes 
smaller, the forces of attraction be- 
tween molecules become great enough 
for them to be bound together in a 
loose sort of way. The gas has become a 
liquid. 

Another way of thinking of this 
liquefaction process is to remember 
that all the molecules in a liquid exert 
a force of attraction on each other. At 
high temperatures the kinetic energies 
(the energies of movement) of the 
molecules are big enough for the forces 
of attraction to be overcome. When 
the kinetic energies of the molecules 
are reduced with the drop in tempera- 
ture, the molecules can hold together 
in the liquid. 


Andrews’ apparatus. As the compres- 
sion screws were applied, the pressure 
in the water increased and was trans- 
mitted equally to the two gas volumes. 
By measuring the change in length of 
the air column, the air pressure (which 
was the same as the carbon dioxide 
pressure) was found. 
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Apart from cooling a gas, another 
method of liquefying it is to apply a 
high pressure. 

What happens when a gas is com- 
pressed ? When the gas is cooled, it can 
change into a liquid because the 
average distance of separation of mole- 
cules becomes small, and the mole- 
cular energies are not big enough to 
enable the molecules to overcome the 
cohesive forces. Exactly the same two 
things happen when the gas is com- 
pressed. The gas occupies a smaller 
volume so the average distance be- 
tween molecules must be smaller. In 
addition, the energies of the molecules 
become smaller when the gas is com- 
pressed. 

If the end of a bicycle pump is 
stopped and the plunger pressed, the 
gas inside the cylinder heats up. If the 
plunger is then fixed, and the gas 
allowed to cool down to the tempera- 
ture of its surroundings, the gas has 
lost heat energy. But the temperature of 
the gas is the same as it was before the 
gas was compressed. The energy has 
lost internal energy because the mole- 
cules have been forced claser together 
as a result of the compression process. 
Gases can lose internal energy by 
compression, so it is possible to liquefy 
the gas using this process. 


Andrews’ Experiments 

Thomas Andrews, in 1869, experi- 
mented with carbon dioxide gas to try 
to turn it into liquid carbon dioxide by 
applying high pressures. 

He enclosed two gas volumes, one of 
air and one of carbon dioxide, in two 
identical tubes. Each volume was en- 
closed by a short thread of mercury 
and the tubes were sealed into a metal 
compression chamber. Inthechamber, 
pressure was applied to a volume of 
water by screwing in screw plungers. 
The high pressures developed in the 
water volume were transmitted to the 
two gas volumes. The pressures de- 
veloped in the water and in the gas 
volumes were identical. By studying 
the movement of the mercury threads 
in the air and carbon dioxide tubes as 
pressure was increased the changes in 
gas volume were found. From these 
changes the change in pressure in both 
volumes was calculated. By squeezing 
the water volume, and watching the 
positions of the two mercury threads, 
both the volume and pressure of the 
carbon dioxide could be found. 

Andrews conducted a number of 
experimental ‘runs’ and plotted values 
of volume for different values of pres- 
sure, each ‘run’ being at a definite 
fixed temperature. So for each tem- 
perature he obtained a curve of 
volume, V, against pressure, P. Such 
curves, found for definite tempera- 
tures, are known as isothermals (same 
temperature). 

Andrews found that he was able to 
liquefy carbon dioxide as he expected 
but only ifthe gas temperature was below a 
definite value. Liquid carbon dioxide 
was obtained only if the gas was first 
cooled below a temperature of 31 -1°C, 
no matter how high the pressure 
applied. This temperature is called the 
critical temperature of carbon dioxide. It 
was later found that each gas has its 
own critical temperature and it was 
impossible to turn it into a liquid by 
compression unless it was first cooled 
below this temperature. 

The Isothermal Curves 

By studying the isothermal curves of 
a gas under compression, quite a lot 
can be learned about what is happen- 
ing as the pressure is increased: Above 
the critical point the behaviour is 
more or less that of a normal gas. 


The volume of a gas is inversely pro- 
portional to its pressure (Boyle’s Law). 
In other words, if the pressure is halved 
the volume is doubled, if the pressure 
is doubled the volume is halved. 
Mathematically, this is expressed by 
the formula PV= constant, for a 
particular temperature. The effect of 
varying the temperature is expressed 
in the gas law, which can be written 
PV= constant x T. For each tem- 
perature there is an isothermal curve 
obtained by plotting values of P 
against V and these have a definite 
shape — that of a hyperbola. When a 
‘P-V’ curve of this shape is obtained 
the gas is behaving in a straightfor- 
ward manner. 

Andrews found that as family of iso- 
thermals for different temperatures 
were plotted those at temperatures 
approaching the critical point were 
not smooth hyperbolas, but developed 
kinks and flat portions. Obviously the 
gas was no longer obeying Boyle’s law. 
Below the critical temperature, a 
major part of the curve was flat and 
almost horizontal. A small change in 
pressure resulted in a large change in 
volume, so in this region the gas was 
reducing its volume enormously — in 
other words changing into a liquid. 
Only small changes in pressure were 
needed to do this. But as the pressure 
was increased still further, the curve 
bent and swept upwards into a vertical 
line. Here the volume hardly changed 
at all for a large change in pressure. 
The carbon dioxide had become vir- 
tually incompressible, so it must have 
been totally liquid 


Some substances that are gases under normal 
conditions of temperature and pressure are 
kept in the form of a liquid, under pressure. 
Calor gas (butane) normally is a gas above 
—0+5°C, but in the capsule it 1s kept under 
pressure in the form of a liquid. 
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THE CROCODILE - 
A FORMER 
INHABITANT OF BRITAIN. 
THE CLIMATE HAS SINCE 
CHANGED 


Remains of animals closely related to present day creatures means 
that, by comparison, a fairly accurate estimation of the past climate 
can be made. The past creatures presumably lived under similar 


conditions to their living counterparts. 


HE quantity of rain that falls, the 
direction and velocity of the 
wind, the atmospheric pressure, the 
rise and fall of temperatures — such 
measurements are constantly being 
made at weather stations all over the 
world. The readings, which are used 
for weather forecasting, give a very 
accurate, day-by-day record of cli- 
matic conditions. 

But the methodical making of 
weather charts was only begun in the 
nineteenth century. What was the 
weather like 500 or 1,000 years ago? 
There are no accurate measurements 
but plenty of general descriptions. 
Exceptional coldness, wetness or dry- 
ness particularly prompted men to put 
their observations into writing. The 
clothing known to be worn, the 
buildings erected and the crops grown 
also provide information. 

But what of the weather before 


Direct evidence of past weather-rainpits and 
mud cracks. But, by themselves, such 
occurrences do not give an overall picture of 
the climate of the time. 


Caution has to be taken with creatures with no very close relatives 
living today. This amphibian lived 300 million years ago. 
Amphibians as a whole like wet warm climates, but ancient 


representatives could well have been adapted to different conditions. 


REPORTING PAST WEATHERS 


Man appeared ? What was the climate 
like a million years ago? What was it 
like 500 million years ago? All that 
survives of these ancient times are the 
sediments — sands, clays, and lime- 
stones — deposited in the seas, lakes 
and on the land surfaces that then 
existed. Only from these sediments and 
the fossil life preserved within them 
can a picture of the weather be built. 
This study of past weathers is a branch 
of geology called palaeoclimatology 
(Greek, palaeos = ancient). 

Usually only very general informa- 
tion is revealed. Tropical, desert or 
glacial climates can be recognized but 
nothing can be said about the exact 
rainfall, temperature or atmospheric 
pressure compared with similar 
present-day conditions. Sometimes, 
however, the direction of the wind 
that blew can be estimated and one 
recent method estimates the tem- 
perature of past sea water to an 
accuracy of 0°5°C. The temperature 
of the sea of course has a direct 
bearing on the surrounding climate. 
Hot and Cold Climates 

Hot dry desert climates and cold 
arctic climates are the easiest to 
identify from surviving sediments. The 
lack of water in deserts means the sedi- 


MUDCRACKS 
FORMED WHEN 
POOLS DRIED UP 


ments will not be carried by rivers but 
by wind and the effect of wind on 
small particles of eroded rock is 
highly characteristic. Particles of a 
hard resistant mineral, constantly 
blown about the desert floor as sand 
develop very spherical shapes and 
their surfaces are worn quite smooth. 
The sand propelled by the wind acts as 
a very effective abrasive. Pebbles and 
cobbles lying on the ground are 
polished and faceted on the side facing 
the prevailing wind. Rock formations 
protruding from the surface are under- 
cut and sculptured into fantastic 
shapes. 

Rainfall in deserts is a rarity but 
when it does fall, it falls in torrents. 
The water rushes down the slopes of 
high ground carrying all the loose 
fragments of rock in its path. It spills 
out into the low plains as a great 
alluvial fan. The quantity of water 
soon diminishes by evaporation and 
seepage leaving a pile of assorted rock 
fragments behind which may become 
preserved. Salt deposits (evaporttes) 
also indicate desert conditions. The 
evaporation of water exceeds the rain- 
fall and shallow seas and lakes dry up 
leaving all their dissolved chemicals 
behind. All such features — evaporites, 


alluvial fans, polished rocks and peb- 
bles, smooth grains of sand indicate 
deserts and the climatic conditions 
which accompany deserts. 

In contrast, prolonged cold condi- 
tions produce glaciers, masses of frozen 
water which move from high to low 
ground. The glaciers leave their own 
‘finger-prints’ behind. Landscapes are 
characteristically shaped by the 
moving ice. Boulders dragged along by 
the ice are scarred and grooved where 
they have been pushed against one 
another. Particles of rock, chipped-off, 
are angular with sharp, jagged edges. 
When the glaciers melt they are left 
behind as tll. All sizes, weights and 
shapes, the particles are very easily 
identified. Such sediments do not just 
belong to the Ice Age of the last mil- 
lion years or so. Glacial deposits pre- 
served in Africa, India and Australia 
represent an ice advance 300 million 
years ago. There is evidence that even 
older ice ages occurred in Pre-cam- 
brian times more than 550 million 
years ago. 

Evidence from Organisms 

Nearly all corals are found today in 
warm tropical and sub-tropical seas. 
If the temperature of the water falls 
below 22°C, most corals cannot sur- 
vive. The occurrence, therefore, of 


Shells of beleminites (anctent cephalopods) 
and foraminifera (protozoans) have been 
particularly valuable in estimating sea tem- 
peraturg using the oxygen isotope method. 
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preserved corals and coral reefs in 
past sediments immediately suggests 
that the climate at the time was a 
warm one. 

A rough estimation can be made 
from a number of other fossils which 
have close relatives living today. Am- 
phibians and reptiles are cold-blooded 
creatures and flourish in warm moist 
climates. It is rare to find them in parts 
of the world which experience extre- 
mes of temperatures. Where their 
remains are plentiful in past rocks, the 
suggestion is that the climate was 
warm and moist. 

Structures developed by animals 
may also be significant. The web- 
footed duck-billed dinosaur known to 
have lived 100 million years ago 
almost certainly occupied lagoons and 
swamps. Only abundant rainfall could 
have provided such surroundings. The 
adaptation of fins into limbs and the 
development of lungs amongst certain 
fresh-water fishes in Devonian times, 
350 million years ago, was probably in 
response to the shrinking of the inland 
pools; fishes stranded in the mud 
could crawl in search of another pool. 

Plants can also be used to read cli- 
mates. Tropical plants are highly 
characteristic. They nearly all have 
woody tissues and thin bark. Because 
there is no seasonal variation, growth 
rings are not developed. Water plants 
have air spaces in their tissues and 
their leaves have breathing pores 
(stomata) only on the upper surface. 
Plants in dry surroundings have small, 
leathery or fleshy leaves with few 
stomata. The evidence from one plant 
by itself, is not scientifically of great 
value; but a community of similarly 
adapted plants is very significant. 
The Physicist Discoversa 
Thermometer 

There are three types (isotopes) 
of oxygen atoms known. Chemi- 
cally they are identical but their 
weights differ slightly. The most abun- 
dant kind has an atomic weight of 16 
(O-16) ; one of the rarer types has an 
atomic weight of 18 (O-18). 

Oxygen combines with carbon in 
water to form the carbonate radical, 
—CO3. The quantity of O-18 incor- 
porated has been found to vary 
significantly according to the tempera- 
ture of the water. 
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Sand dunes are built up by the 
accumulation of layers of sand. i sec- 
tion dug into the side of a sand dune 
shows each layer distinctly, one piled 
on top of the other. 

richie | formation the dune is con- 
stantly shaped by the wind. It has one 
steep slope on the leeward side and a 
gentle gradient on the windward side 
perhaps of 12 degrees or so. Some of 
the sand deposited by the wind on the 
gently sloping surface is swept for- 
ward over the crest of the dune and 
comes to rest at an angle of about 30°. 

Dunes are continually moved for- 
ward by the prevailing wind. Sand on 
the gentle windward slope is for ever 
blown down the steep leeward slope. 
Consequently the layers in the migrat- 
ing dune all come to slope at 30°. The 
sharp (acute) angle made by these 
layers with the dune surface will point 
in the direction from which the pre- 
vailing wind was blowing. 

From the study of ancient sand dunes 
even seasonal changes in wind direc- 
tion have been detected. 
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Some sea animals may secrete shells 
of calcium carbonate. They absorb 
the carbonate radical from the sur- 
rounding waters. The abundance of 
O-18 present in the shell in comparison 
with the quantity of the normal O-16 
will indicate the temperature of the 
surrounding seas. 

By accurate measurement of pro- 
portion of O-18 to O—16 in fossil shells, 
the temperature of past seas can be 
estimated. So accurate is the method 
that differences as small as 05°C can 
be detected. Even slight seasonal 
changes in the temperature of the 
water can be measured in secretions of 
the one shell. Of course it is very im- 
portant that the composition of the 
original shell has not since been 
altered by recrystallization. 


MIGRATING DUNE 
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SCIENTIFIC INSTRUMENTS 


The SPHEROMETER 


NTON VAN LEEUWENHOEK 
(1632-1723), the Dutch micros- 
copist who specialized in setting and 
grinding lenses, used a small, almost 
spherical glass lens in his simple 
microscope. With this lens he was able 
to examine the structure of skin, and 
discover bacteria. One single lens was 


able to give quite a high magnification | 


because it was small and almost spherical. 
The image-forming properties of all 
lenses (and mirrors) depend on the 
curvature of their surfaces — whether 
they are sharply curved as in Leeuwen- 
hoek’s small spheres or shallower 
curves which are part of much larger 
spheres. Lens and mirror surfaces are 
usually parts of spheres. 

It is not the radius of the lens or 
mirror itself which is of primary im- 
portance, but the radius of the sphere to 
which the curved surface of the lens 
belongs. This radius is called the 
radius of curvature, and it can be 
measured with an instrument called a 
Spherometer. 

The spherometer has three straight 
‘legs’ all of the same length that are at 
the same level and arranged so that 
their tips form an equilateral triangle. 
A fourth leg is of adjustable length, 
and its tip is at the centre of the tri- 
angle. The spherometer is placed on 
the lens or mirror surface. Since its 
outer ‘legs’ are over an inch apart, 
and all ‘legs’ must touch the surface, 
the spherometer cannot be used on 
very small lenses or mirrors. 

The central leg is adjusted so that 
all four tips touch the surface at the 
same time. If the surface is concave 
(rounded like the bow] of a spoon), the 
central leg must be longer for the 
spherometer to fit the surface. On a 
convex surface (rounded like the back 
of a spoon), the central leg must be 
shorter. This central leg is screwed up 
and down, and a circular disc with a 
scale marked around its outer edge is 
fixed to the head of the screw. The 
disc moves up and down a fixed verti- 
cal scale. Both scales are used to 
measure the difference in height be- 
tween the fixed legs and the adjustable 
leg. The vertical scale shows an 
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approximate value of the height differ- 
ence. Each of its scale divisions cor- 
responds to one complete twist of the 
screw. The circular scale is marked in 
fractions of complete screw turns. It 
gives the additional fraction of a 
twist (between the vertical scale mark- 
ings) accurately. 

The height difference is directly 
related to the radius of curvature, 
which can be calculated from the 
height difference by a simple formula. 
A shallow curve gives a small differ- 
ence in level, and a large radius of 
curvature. Obviously a shallow lens is 
a small part of a large sphere. A more 
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sharply curved surface gives a bigger 
height difference and a smaller radius 
of curvature. 

Before the spherometer is used, its 
zero reading must be checked for 
accuracy. A flat surface gives a zero 
height difference and the sphero- 
meter is supplied with a piece of flat 
plate glass on which the instrument 
can be checked. The vertical scale 
zero is not at either end of the scale, 
but somewhere near the middle of it. 
This is so that both positive and nega- 
tive height differences, corresponding 
to convex andconcave surfaces, can 
be measured with the spherometer. 


The spherometer is 
used to find the radius 
of curvature of spheri- 
cal surfaces. Large 
picture: a convex sur- 
=face. Inset: a concave 


CIRCULAR SCALE 


ELECTRICITY 


The storage of electric charge can be com- 
pared with the storage of water in a 
container. (1) A high capacitance can store 
charge (water) at a low electrical pressure. 
(2) The same amount of charge is stored at 
higher pressure in a low capacitance. (3) 
When the pressure is too high, the insulation 
breaks down. 


GAPACITANGE and the FARAD 


HE ability of a body to store elec- 
tric charges on its surface is 
known as its capacitance. The storage 
of charge can be compared with the 
storage of water in a container. The 
more liquid stored, the higher the 
pressure at the base of the container. 
Similarly, the more charge on a sur- 
face, the higher the electric potential. 

However, electrical capacitance dif- 
fers from the water capacity of a tank, 
in that it takes account of the level or 
pressure of the charge, as well as of 
the quantity of charge. (A tall thin 
vessel, holding one gallon when full, 
has just the same capacity as a short, 
squat one which also holds one gallon 
when full. The levels will be different, 
though.) 

If a current of one ampere (amp) is 
allowed to flow through a circuit for 
one second, the total quantity of 
charge passed is one coulomb. This may 
not seem a very large quantity in terms 
of current electricity, but if we tried 
to store it on a metal sphere, six feet 
in diameter, the sphere would be 
raised to a potential of 9,000 million 
volts. In fact it is impossible to store 
such a large charge, because the 
voltage is far too high, and a break- 
down of the insulation of the surround- 
ing air would occur long before this 


SMALL CHARGES 
NUMBER OF INCREASE IN 
CHARGES — NUMBE| 
LOW TENSION 


potential could be reached. (This is 
rather like trying to get several thou- 
sand gallons into a very long, vertical 
glass tube, an inch in diameter. The 
level would rise to several miles, pro- 
ducing a pressure at the bottom too 
great for the tube to withstand.) 
Another way of saying that the 
potential would rise to go00o million 
volts is to say that the ball has a 
capacity of one nine-thousandth of a 
millionth of a farad. A capacity of one 
farad holds a charge of one coulomb 
at a potential of one volt. In practice 
it is a very large unit indeed. It would 
need gooo million six-foot spheres to 
give a one farad capacity — or a single 
sphere ten million miles across. This 
would be much larger than the Earth 
itself —in fact the Earth’s capacity is 
only about one thousandth of a farad. 
The potential of the charged surface 
arises because like charges repel each 
other, and so a state of tension is set 
up. The more charges there are on a 
surface, the closer they are to each 
other and the greater is the tension. 
If the charge is continually increased, 
a stage is eventually reached where 
the tension becomes so high that 
charges begin to ‘jump off the surface 
— the air-resistance breaks down. 
Capacitors galso called condensers) 


TENSION TOO 
HIGH - 


BREAKDOWN 
OCCURS 


As more and more charges are stored on the surface, the tensions increase. At a certain 
level, charges begin to break away from the surface. 


are used in radio and electronics. They 
store the charge not on metal spheres 
but on plates or foils. In its simplest 
form a capacitor has two plates, set 
face to face with a small gap separating 
them. One plate becomes positive and 
the other negative, and the charges are 
held in position by the electric field 
between the plates. 


Plate capacitors have a much 
greater capacitance than metal 
spheres. One small enough to fit into 
the hand may be equivalent to a 
sphere several miles across. Typical 
values range from a _ millionth- 
millionth of a farad (a pica farad) to 
about one tenth of a thousandth of a 
farad. (The latter is equivalent to a 
four hundred mile sphere.) 

These very large capacitors can be 
used to deliver enormous currents, 
i.e. at large rates of discharge — but 
only for a very brief period. As stores 
of energy they dre used to give high 
voltage pulsés in atomic research, 
and to give the discharge currents for 
flash photography. 
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AV. ; 
FOODS - IN 
CARRION, FIELD 
AS WELL AS FRUIT 
AND GRAIN 


BEAKS of BIRDS 


"THE buzzard’s beak is sharp-edged, 
hooked and powerful. It is a 
vicious instrument, ideal for tearing 
flesh from carcasses. But such a beak 
is useless for fishing. 
The heron, on the other hand, with 
its long, sturdy, tapering bill, is an 
excellent fisherman. For hours it may 


The humming birds feed on nectar. Th 
have a preference for flowers with tubular 
heads, inserting their beaks into the opening 
and lapping the nectar with their tongues. 
The length of the bills varies with the size 
of the flowers visited. 


Why the toucan’s bill should be quite as long 
is something of a mystery. Certainly the 
bird’s reach is considerably extended. The 
bill, made of horny skin covering a delicate 
meshwork of bone, 1s not so heavy as it looks. 
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stand motionless and then when a 
fish is sighted the bill stabs rapidly 
downwards into the water. 

The earliest birds, 150 million years 
ago had no beaks; their jaws were 
equipped with teeth —just like their 
reptilian ancestors. But today’s birds 
have lost their teeth and the beak has 
appeared — a layer of horny, hardened 
skin covering the upper and lower 


jaws. 


he beak is not a complete substi- 
e for teeth. Though used for biting, 
tearing or cracking seeds, most masti- 
cation of the food takes place intern- 
ally. But the beak has largely taken 
the place of the forelimbs. In birds 
these structures are adapted as wings. 
They no longer can be used for 
grasping, clutching, or conveying food 
to the mouth as in other upright 
creatures. The beak sometimes, with 
the help of the feet, must do the 
necessary probing and plucking and 
holding; it also must be used for 
personal cleaning and grooming as 
well as carrying out such functions as 
nest-building and feeding the young. 

The design of a beak reflects the 
predominant diet of the bird in ques- 
tion. As the food consumed by birds is 
so variable — from flesh of other ani- 
mals to the nectar of flowers — so the 
variety of beak is correspondingly 
enormous. Specialized hunting birds 
have sharp hooked beaks suitable for 
tearing flesh. The buzzard has already 
been mentioned. Other flesheaters are 
the eagles, hawks, falcons and owls. 
Scavenging birds such as vultures may 
also have hooked beaks; alternatively 
the beak may be long and stout — crows 


and the maribou. Birds like the heron, 
with fish as a staple diet, are equipped 
with a long, dagger-like beak. Ex- 
amples are the terns, kingfisher, the 
guillemots and the gannet. Beneath 
the long tapering beak of the pelican, 
loose skin of the throat can be dis- 
tended into a dip net for receiving 
fish. The oyster-catcher has a long, 
blunt, vertically flattened bill well 
adapted to opening oysters, probing 
deep in mud or prising limpets from 
rocks. 

Seed-eating birds such as finches, 
buntings and siskins have short, thick 
strong beaks. Hard outer seed cases 
may have to be cracked; the stout 
beaks exert great pressure — just like 
the area near the hinge of a pair of 
nutcrackers. These beaks are also 
excellent for nipping off young buds. 
Another seed eater, the cross-bill, has 
the upper and lower halves of its beak 
overlapping. With this device it can 
pick up the smallest seeds without 
difficulty. 

Blackbirds, thrushes, starlings and 
many other birds have moderately 
long beaks. They are not long enough 
to fish but sufficient for probing for 
worms, eating molluscs, and grubs, 
and pecking at soft fruits. 

Wading birds that probe for worms 
and molluscs in soft mud flats have 
long beaks which are flattened side- 
ways and sometimes curved down- 
wards. The beaks are well provided 
with nerves at the tips and are very 
sensitive. Characteristic waders are 
the sandpipers, greenshanks, red- 
shanks and curlews. 

Ducks have broad beaks flattened 
downwards and deeply grooved in- 
side; they are used for sifting worms 
and small aquatic animals from mud 
and water, but will also devour 
herbage, grain and berries. An ex- 
treme example of the sifting type of 


bill is found in the shovellers. Such 
birds have large, flattened, spatulate 
beaks which are provided with bristle- 
like structures about the edges. These 
retain edible material as mud _ is 
squeezed from the bill. The spoonbills 
have spatulate tips to their flattened 
beaks. These birds wade along with 
the beak half immersed in water 
snapping up anything edible. Numer- 
ous nerve endings are present in the 
tip making it very sensitive. 

Flamingoes have a unique feeding 
mechanism. Their beaks are curved 
right over so that when immersed in 
the water, the top bill is bottom-most. 
The pumping action of the lower bill 
drives mud and water through slits in 
the top bill. Small edible creatures — 
algae, diatoms, worms, larvae crus- 
taceans~—are filtered out by tooth-like 
projections from the tongue. 

Avocets are famous for their long 
strongly upturned bills. They wade 
along, with jaws open, sweeping the 
bill from side to side either at the 
surface of the water or near the 


Left: Nostrils are usually in the middle or 
at the base of the beak. But the Kiwi that 
hunts by smell, has them at the tip. Middle : 
Parrots have the upper mandible hinged at 
the base of the skull; this mechanism pro- 
vides them with the greatest leverage of all 
birds. Right: the fish-eating skimmer ; the 
lower, longer bill is submerged in the sea. 
When a fish is located the upper bill clamps 


down. 


Lu 
CAN BE USED — 
AS A THIRD LEG 


bottom. Small invertebrate creatures 
are eaten and also small fishes and 
amphibians. 

The woodpeckers have long, strong, 
chisel-like beaks. The beak actually 
bores into the bark of trees and a long 
protrusible tongue laps up the exposed 
insects. Tree-creepers also have long 
beaks but they are much feebler. They 
do not attack the bark but only probe 
into its crevices. 


Humming birds have a diet of — 


PUFFIN 
DIVING 


op. 


Puffins and their relatives (auks and razor- 
bills) live off fish. The broad bill of the puf- 
fin can carry several fish at once. The bird 
bites deeply into each caught fish preventing 
its escape. 


nectar. Their beaks, which often curve 
downwards, are slender and thin. 
They vary in length according to the 
size of the flowers visited. The hum- 
ming bird hovers motionless over a 
flower and inserts its beak inside the 
petals. The tongue, which can be 
extended beyond the tip of the beak, 


LONG, LOWER 
BILL IS IMMERSED 
IN THE WATER 


either has a tubular tip for sucking or 
is brushy. 

Toucans have‘enormous beaks and 
the cutting edges are serrated. Their 
diet consists of succulent fruits. Cer- 
tainly the length of the beak helps the 
bird reach out for inaccessible fruit 
but need it be quite the size it is? One 
theory is that the beak evolved for 
eating some fruit or insect that no 
longer exists. Perhaps they are used in 
courtship displays or as recognition 


FLAMINGO 
FEEDING 


The flamingo is a unique feeder. When the 
bent beak 1s immersed in water, the top 
bill becomes bottom-most. Water is pumped 
by the lower bill through slits in the upper 
bill. The tongue filters food out of the water. 


marks between species. 

Contrasting in size are the minute 
beaks of the swallows, swifts and night 
jars. These birds catch insects on the 
wing, flying forward with their very 
wide mouths apart. No probing is 
necessary and the function of the beak 
is relegated to grooming. 

One bird, the woodpecker finch of 
the Galapagos Archipelago, uses its 
beak for handling a tool — just as Man 
uses his hands for controlling a variety 


Ter of instruments. The ‘tool’ of this extra- 


ordinary finch is a cactus spine; with 
it, insects are probed from beneath 
ark of trees. 


oF 
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MATHEMATICS 


Mathematical 
MAPPING 


HE map of an area is a small-scale version of the area, 
as seen from the air. But it is not exactly the area 
in miniature. Only an aerial photograph gives this. In the 
map, a thick line corresponds to a road crossing the area. 
Black blocks correspond to houses and crosses to churches. 
Always, when making a map of something, the idea is to 
let small symbols on the map correspond to the real object. 
In mathematics, mapping means a very similar thing. 
Mathematics can be used as a practical subject, to solve 
practical problems. Sorting out a problem about a number 
of pencils, or books, using the books themselves as the 
counters may be more instructive than solving the problem 
on pen and paper. But it can be slower and more cumber- 
some. It is sometimes ‘better to map the problem into 
mathematical symbols and language. It is easier to juggle 
with numbers and symbols, because they are known to 
obey certain rules. Whenever we solve a problem about 
books, pencils or bricks by mathematics, we are mapping 
the problem. 

The map of an area of countryside does not show all 
that can be seen from the air. Some features are mapped, 
and others are disregarded because they are unimportant. 
Mapping in mathematics is also selective. The main thing 
to learn is what to map in any given problem, and what 
irrelevant details to leave out. 

The real objects are called the orginal set and their 


The aerial view (above) is turned into the map (below). Objects 
AACKEXE of the original set are mapped to symbols of the image set. The 
srs" mapping shows relative positions, relative distances, and so on. 
Some objects are not mapped. 


Mapping Symbols f } 


mam "*°FNG ‘TO’ MAPPING ‘FROM’ 
OR CORRESPONDS THE IMAGE 
TO SET 


mapping is called the image set. (A set is a collection of paler, Ronis 


objects or numbers with something in common.) So, in Secondary roads 
mathematical language, a problem starts off in the original 


: ; ‘ 9 Minor roads 
set, is mapped to the image set for solution, and then is F h 
mapped from the image set back to the original set. — 
Arranging the Map oe 
The symbols on a map have to be arranged to correspond Churches 
with the original. In mathematical mappings it is some- 


times best to arrange the number of the image set in || These are not mapped 

columns or tables. A shopping list is a simple example. 

Yet another kind of mapping is used by architects and apenegen E 

civil engineers. For example, a draughtsman’s drawing of hx I 
P posts 


Some objects are not 
mapped, perhaps because 
they are too small, perhaps 


because they are not im- 
Q portant enough. 


a section of a bridge is a mapping of the bridge itself. The 
mapping can go a stage further by mapping the forces 
acting on each part of the section, to find the stresses and Singl=anees 
strains which the bridge must be able to withstand. 
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Mapping a Typical Problem 


A car dealer named Jones buys 5 cars 
one week to add to his stock of 15. He 
sells 8 cars one week, four of them Fords. 
The next week he sells 4 cars. But during 
the second week he buys an additional 3 
cars from another dealer to add to his 
stock. How many cars has he at the end of 
the week? 

The problem involves numbers of cars, 
so cars are mapped to numbers. In 
mathematical symbols 


{cars} —> {numbers} 


As far as the car dealer Jones is con- 
cerned 


buying —>addition 
selling —> subtraction 


+ stands for the mathematical operation 
of addition, — stands for the operation of 
subtraction. 


It is not necessary to map the fact that 
the dealer is called Jones. 4 of the cars 
sold the first | week were Fords, but, 
since this has no effect on the number in 
stock, it is not noted in the mapping. 
Jones bought some cars from another 
dealer — this is another irrelevant detail. 


A week’s shopping can be mapped toa 
shopping list. The original set is the 
shopping itself. The image set is the cost of 
each item. The mapping can be symbolized 


as 
{articles bought} — {cost of article} 


(CORRESPONDS TO) 


Image Set 


This is the initial 
stock 


Cars bought in 
first week 


Cars bought in 
second week 


Cars sold in 
first week 


Cars sold in 
second week 


Working in the image set (numbers) remembering that 


buying + andselling — 
8B +5 +3- 8 — 


= Il 


Solution: {11}. The solution is then mapped back to 


the original set 


Seeee 
& 


Brighton is 136 miles from Bristol, 77 miles 
from Dover, 425 miles from Edinburgh, 53 
miles from London. Bristol is 187 miles from 
Dover, 365 miles from Edinburgh, 116 miles 
from London. Edinburgh is 436 miles from 
Dover, 373 miles from London. Indigestible 
information like this is best mapped in the 
form ofa table. 


The answer to the 
problem is that 
the dealer has |! 
cars left at the 
end of the second 
week. 


at IDE 


Pn Up; 
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A draughtsman’s drawing of a bridge 
section is a mapping of the bridge. The 
forces acting on the bridge section can 
also be mapped, on a separate diagram. 
These are particularly useful in solving 
problems of bridge design. 


1993 


FEEDING THE WORLD’S POPULATION 


FARMING the SEAS 


UNL a few thousand years ago 

Man was merely a hunter on the 
Earth. Not until the Neolithic revolu- 
tion (about 7000 years ago) did he 
begin to settle down to agriculture. 
By tending the soil Man was able to 
increase his food supply without roam- 
ing over large areas in search of it. 
As far as the seas are concerned, he is 
still almost entirely a hunter. He 
catches fish and other animals but 
does little to encourage their growth 
and continued supply. Apart from 
piping sewage into offshore waters, 
Man does nothing but take from the 
seas. 

Although the resources of the seas 
are enormous, they are not inexhaust- 
ible —some fishing-grounds are already 
seriously over-fished. The increasing 
need for food — especially protein food 
—in the world today will make even 
greater demands upon the sea and it 
is unlikely that these will be met 
without some sort of management or 
‘farming of the seas’. The fisherman 
must change his outlook from that of 
hunter to farmer. Oysters and other 
shellfish have been cultivated for 
centuries but fish in the sea present 
more of a problem. They are mobile 
and are not confined to territorial 
waters. International co-operation will 
be necessary to make a success of sea- 
farming. 

All life in the seas depends upon 


ARTIFICIALLY 
PRODUCED UPCURRENTS 
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Plant plankton in surface waters depends upon mineral salts brought up from the depths. 


A possible way of supplementing the natural up-currents is to install atomic reactors 
at selected places. The warm water about the reactor, having less density would rise. 


the minute single-celled plants of the 
plankton. These tiny organisms float 
in the surface layers of the ocean where 
there is adequate light. The individual 
organisms are microscopic but they 
are so numerous that their total mass 
would outweigh the vegetation of the 
land. Tiny planktonic animals such 
as crab larvae and shrimps feed on 
the plants and these form the food of 
small fishes such as herrings. Larger 
fish feed on the smaller fish and so 
make up the food chains in the sea. 
Many of the planktonic organisms 
die without being eaten. These dead 
creatures, together with the excrement 
of others, fall towards the sea bed 
where they are consumed by a host of 
bottom-living animals— worms and 
molluscs especially. The bottom-living 


. creatures are preyed upon by star- 
fishes, sea-urchins and numerous fish. 


The planktonic plants on which all 
the other organisms depend, them- 
selves depend upon an adequate 
supply of mineral salts. If these are 
lacking, the size and number of 
animals will fall. This is well shown 
in tropical regions where the warm 
surface layers are not mixed with the 
deeper layers. The population of 
plankton and other animals is rarely 
as high as in colder regions for the 
surface layers lack the vital minerals. 
All the major fishing grounds are in 
colder regions, where sinking cold 


NATURAL UPCURRENTS 
WHERE OCEAN AND 
CONTINENTAL SHELF MEET 


PLANKTON 
CONCENTRATION 
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water forces up the richer water from 
below, or where submerged banks 
produce upward currents from the 
depths. Plankton and all other organ- 
isms flourish in such places because 
of the upwelling of minerals. There is 
a definite tendency for fish to be larger 
off the mouth of the Thames — associ- 
ated with the sewage brought down. 

Trials have been carried out in 
some areas with fertilizers added to 
the sea, just as is done on the land, and 
in fish ponds. Promising results were 
obtained in terms of increased growth 
of fish but this method would be used 
only in restricted areas where currents 
would not disperse the minerals too 
widely. Another suggested method is 
to set up a number of nuclear-powered 
pumps on the sea-bed. These would 


WARM 
WATER 
FROM 


GROWTH 


produce up-currents of rich water and 
promote greater productivity. 

These methods of increasing the 
mineral salts favour the growth of all 
organisms, not only the fish. For a 
given addition of fertilizer, the yield 
in terms of extra fish will be low for 
there is much competition for food 
in the sea, especially on the sea-bed. 
The elimination of some of the com- 
petitors may well be an important 
feature of sea-farming in future. Al- 
ready starfish are methodically re- 
moved from oyster beds with good 
results, and used for animal food or 
fertilizer. 
Food from Algae 

On its way through the various 
links in the sea’s food chains much of 
the nutrient material is lost in the 


POWER STATIONS 
WOULD PROMOTE 


ALGAE CULTURED 
IN EXPERIMENTAL 


formation of skeletons and other in- 
edible parts. This loss can be avoided 
by harvesting at an earlier stage in 
the food chain and a great deal of 
research is being directed to this end. 

Various fresh-water algae have been 
tested by human volunteers as an 
addition to diet. The algae (Chlorella 
and Scenedesmus in particular) have a 
high protein content but are not very 
digestible. Amounts in excess of about 
100 grams per day produce vomiting. 
Up to this amount was tolerated if well 
mixed with other foods. If some 
method of improving digestibility and 
flavour is found, algae (both fresh- 
water and marine) will no doubt play 
a part in the economy of countries 
where there is a deficiency of protein. 

The culture of algae is some way 
ahead of developments in processing. 
Both freshwater and marine forms are 
widely cultured in large tanks. Nitro- 
genous and phosphatic fertilizers are 
added to encourage growth and some- 
times flue gases from power-stations 
are pumped through the water. These 
increase the carbon dioxide content 
of the water and therefore promote 
extra growth. Waste heat can also be 
used to promote growth. 

Harvesting poses some problems. 


TILAPIA A 


RBON DIOXIDE-BY-PRODUCTS 
SEROM NEARBY 
“INDUSTRIES COULD BE PIPED TO THE TANKS 


The minute cells have to be efficiently 
removed from the water and then 
rapidly dried or frozen. Freeze-drying 
is possibly the best method but it is 
expensive. These difficulties, added to 
the fact that algae are not, at present, 
very acceptable for food, make in- 
direct harvesting more attractive. 


§ There are a large number of animals — 


especially bi-valve molluscs — that feed 
by filtering tiny particles from the 
water. It may well be that the culture 
of algae will be linked with the in- 
creased culture of shell-fish. The latter 
would provide an easily harvested and 
rich source of acceptable protein. 
Culturing Fish in Ponds and 
Lakes 

Fish culture in ponds is no new 
thing. The ancient Egyptians cer- 
tainly cultured Tilapia (a lake-fish) 
about 4000 years ago. The Chinese 
and other Asian peoples have also 
cultured fish for centuries — carp and 
Tilapia especially. Large lakes created 
by hydro-electric schemes may be 
ideal places for fish culture, as are the 
large natural lakes of East Africa. The 
principal is the same as that for the 
culture of marine fish — the addition 
of fertilizers to promote growth of 
plant food. Many of the disadvantages 
of marine fish culture are absent in 
lakes, however — the fish are relatively 
confined, and the lakes can be stocked 
with useful, quick growing species. 
Tilapia esculenta and T. variabilis are 
playing an important part in fresh- 
water research in East Africa and 
should add considerably to the protein 
production of the continent. 


RAPIDLY GROWING FRESH-WATER FISH ; 


EFFECTIVELY INCREASES 
PROTEIN SUPPLIES 


OXYGEN PASSES OUT FROM 
CELL 


| PHYSICAL CHEMISTRY | 


volumes of chlorine and hydrogen 

gas are mixed together in the dark, 
nothing much happens. But then, if 
the mixture is suddenly exposed to 
strong light, the mass of gas explodes, 
perhaps scattering fragments of the 
glassware container all over the 
laboratory. 

Why should exposure to light have 
so dramatic effect on an apparently 
harmless mixture of gases ? The answer 
is that this is an example of a photo- 
chemical reaction —a chemical reaction 
that is promoted or speeded up by the 
absorption of light energy. There are 
many examples of this sort of reaction 
found both in the laboratory and in 
nature. Perhaps the most important 
photochemical reaction of all in nature 
is photosynthesis in which carbon dioxide 
and water are converted into starch 
in the leaves of living plants. This 
process depends on the absorption of 
sunlight by chlorophyll in the leaves. 


When a mixture of hydrogen and chloride is kept in the dark, nothing happens. When the 


mixture is illuminated the gas explodes. 
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GREEN LEAF 
SHOWS NO ST, 
HAS BEEN FORM! 
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Photochemistry in nature. In the photosynthesis process, light energy absorbed by the chloro- 
phyll in the leaf is used to manufacture starch. Carbon dioxide in the air combines with 
water in the leaf. Starch is manufactured and oxygen is given off. This process ceases when 
there is no light. If two leaves, one that has been in sunlight and the other in the dark, are 
boiled in alcohol and then dropped in iodine solution, the ‘sunlit’ leaf turns blue. This shows 
that starch is present. The other leaf remains unchanged. 


PHOTOCHEMICAL REACTIONS 


The net result is. that the energy 
absorbed is stored as chemical energy 
in the starch. Photosynthesis gets 
under way only in the presence of 
light, it slows down and stops when the 
source of light is removed. 

Another example of a_ photo- 
chemical reaction occurs when a 
photographic plate film is exposed. In 
the film emulsion, silver bromide 
molecules absorb light energy and 
are split into silver and bromine 
atoms. The pure silver bromide is not 
very reactive to light on its own, but 
in the presence of a sensitizer like 
allyl thiocyanate becomes much more 
sensitive. 

There is a marked difference be- 
tween the reaction in the photographic 
emulsion and in the chlorine-hydrogen 
mixture. In the emulsion single mole- 
cules are split one at a time by a single 
‘packet’ (quantum) of light energy. 
In the chlorine-hydrogen mixture the 


reaction is on a much more massive 
scale. In fact a chain reaction is set up. 
In the first stage of the reaction, a 
chlorine molecule absorbs light energy 
and is split up into energy-rich (acti- 
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Light absorbed by chlorine molecules 
causes them to split up into activated 
chlorine atoms. These then collide with 
hydrogen molecules and start the chain 
reaction. 
‘ “ HYDROGEN 
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The activated chlorine atoms collide 
with hydrogen molecules and produce 
activated hydrogen atoms and hydro- 
gen chloride. 
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The activated hydrogen atoms collide 
with chlorine molecules to form hydro- 
gen chloride molecules and activated 
chlorine. The process is then ready to 
start all over again. 


vated) chlorine atoms. 
Cl, + light energy = 2CI* 
An activated chlorine atom then 
reacts with a hydrogen molecule to 
form a hydrogen chloride molecule 
and an activated hydrogen atom. 
Cl* + H, =H*+ HCl 

The activated hydrogen atom in 
turn reacts with a chlorine molecule 
to form hydrogen chloride and an 
activated chlorine atom. 

H* -- Cl, = HCl :Cl*, 
so that the whole process begins over 
again. 

-In this way, a single quantum of 
light can cause reactions in thousands 
of molecules of hydrogen and chlorine. 
So a strong source of light, flooding 
the gas with a large number of quanta, 
soon makes the whole mass of gas take 
part in the reaction. 

Theory of Photochemical 
Reactions 

When photochemical reactions were 
first studied, attempts were made to 
find the extent of a chemical reaction 
that occurs when a definite amount of 
light energy was absorbed by the 
reagents, but no simple relationship 
was found. Then, following the intro- 
duction of the quantum theory of 
light, Albert Einstein and J. Stark 
proposed the law of the photochemical 
equivalent. This stated that every mole- 
cule taking part in a photochemical 
reaction absorbs a single quantum of 
energy. This law applies only to the 
primary reaction. If a chain reaction 
follows the initial absorption then it 
is obvious that the energy needed for 
the secondary reactions does not come 
from the initiating quantum of light. 
So the law does not apply to these. 

The efficiency of a photochemical 

reaction is defined as the ratio 

number of molecules decomposed 
number of quanta absorbed 
and this is equal to one if a single 
quantum decomposes a single mole- 
cule. If a chain ‘reaction follows the 
initial reaction; then the efficiency can 
be 1, 2, 3, or any whole number. 

The first stage in a chemieal reaction 
is the excitation of electrons in an 
atom or molecule by the absorption of 
light energy. Following this, the energy 
is given out when the atom or mole- 
cule returns to its original unexcited 
condition. When this happens the 


energy can be released simply as light 
given out by the excited atom or 
molecule (fluorescence or phosphores- 
cence), or the energy can be transferred 
to another atom or molecule in the 
gas as the result of a collision. 

Some molecules simply break up 
when they absorb light and the frag- 
ments carry off the energy. For ex- 
ample, the ozone molecule breaks up 
into an oxygen molecule and a single 
oxygen atom: 

O,+ light energy =O,+ 0 
In other photochemical reactions, 
chemical groups can be transferred 
from one part ofa molecule to another, 
and some molecules join together to 
form polymers when they absorb light. 
For example, anthracene molecules 
when dissolved in benzene, form di- 
anthracene ‘twins’ when the solution 
is illuminated with ultra-violet light. 
2C,2H,. + light energy = C,,Hoo 
anthracene dianthracene 
Experiments in Photochemistry 

To investigate photochemical re- 
actions it is best to expose the reagents 
to light of one particular wave length 
(monochromatic light). This is done 
by discharge lamps that give out light 
of one particular wavelength (such as 
the quartz mercury vapour lamp). 
Alternatively, a light source like a 
tungsten filament lamp, which gives 
out light of all wavelengths, can be 
used in conjunction with light filters. 
These let through light of a particular 
wavelength and cut out other light. 

The reagents are placed in a reaction 
cell, made of glass or quartz and 
flooded with light. The extent of the 
reaction can be gauged in a number 
of ways. For example, in the reaction 
between sulphur dioxide and chlorine 
gases SO, + Cl, =SO,Cl, 
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In a photographic emulsion positive silver 
ions are packed together with negative 

halide ions in gelatin. A light quantum 
strikes the halide ion, releasing an electron. 
This eventually passes to the positive halide 
ion, where it is neutralised. A latent image 
consisting of silver specks is produced which 
is brought out when the film is developed. 


only one molecule is formed where 
there were two before, so that the gas 
pressure would be halved if all the 
molecules in the reaction volume were 
consumed in the reaction. The change 
in gas pressure gives the proportion of 
molecules that have taken part. The 
change is usually very small but there 
are sensitive methods that can be used 
to measure small changes in pressure. 
In any case, to get as large a number 
of activated molecules as possible a 
strong light source is used. 
Light-producing Reactions 

Although most photochemical re- 
actions are concerned with the pro- 
motion of chemical process by the 
absorption of light, sometimes the 
reaction acts in reverse. In other 
words, the chemical process leads to 
light emission. For example, chemical 
reactions taking place in the firefly 
produce light. This is a chemiluminescent 
process. In other reactions, the light 
released is a result of burning or 
combustion — an example of this is in 
the violent reaction between potassium 
metal and water. 


Demonstrating the effect of light on silver chloride precipitate. The precipitate is formed by 
adding hydrochloric acid to silver nitrate solution. The filtered precipitate first turns violet 


and then black, due to the actign 


he light. Silver is released in the silver chloyedg. 
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Types of welded joint 
BUTT WELD 


LAP WELD 


FILLET WELD 


Gas-welding a towel-rail. Note the welding rod, the two pipes supplying“ 
the torch, and the protective clothing of the operator. Vf 


Welding Metals Together 


N bygone times a farmer with a 
broken plough-share would have 
it repaired by forge-welding. The local 
blacksmith would heat up the metal in 
the fire and then hafhmer the red-hot 
edges vigorously together. The edges 
merged into a joint almost as strong as 
the original metal. Forge-welding, 
however, is a very slow process and 
has now been superseded in most 
places by modern welding techniques. 
The new methods have two great 
advantages: they are faster, and the 
equipment can be taken to the repair 
job. Previously, machinery parts had 
to be taken to the forge. 

Welding is a process of joining metal 
by heating with or without the applica- 
tion of pressure. The metal is heated 
to its melting point and the edges fuse 
together. The metal cools down in one 
piece. Often a filler metal of similar 
composition is used to bind the two 
pieces together. Heat is provided by 
burning a gas (hydrogen or acetylene) 
or by electrical means. 

Metal cutting is a very sim 


cess to welding. Heat (usually from 
burning gas) is used to melt through 
the metal and thus cut it to the re- 
quired shape. The molten metal or its 
oxide is forced out before the two 
pieces can fuse together again. Both 
welding and cutting are used ex- 
tensively in industry, for they are 
quick and cheap processes. Iron, steel, 
aluminium, nickel and copper are 
among the metals that can be cut or 
welded in this way. 

Arc Welding 

This type of welding accounts for 
most of the welding done in the world 
today. An electric current is made to 
‘jump’ a gap between an electrode and 
the metal to be welded. The tempera- 
ture of the arc is very high (about 
3600°C) and the metals melt. 

Usually the electrode is of similar 
composition to the metal to be welded. 
The heat of the arc melts the electrode 
and tiny droplets of molten metal are 
forced across the arc. This metal 
forms the weld. Because the droplets 
are forced across the arc and do not 
fall by gravity, welding can be done 
in any position. Consumable elec- 
trodes are fed gradually through the 
welding tool. In automatic welding, 
the electrode is fed in from a large coil. 

Although a weld can be effected 
with a bare metal electrode, good 
quality work demands a shielded elec- 


Welding with a covered electrode. The 
electrode metal forms the weld which is 
protected by slag formed from the molten 
covering. 
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trode and arc. Covered electrodes are 
most commonly used, the covering 
performing several functions. Various 
types of covering are used — containing 
materials such as cellulose, rutile, iron 
powder and lime. The covering insu- 
lates the electrode electrically and 
when it melts it forms a gaseous or 
liquid protection for the arc and the 
weld. Oxidation or other atmospheric 
contamination of the metal is then 
prevented and good sound welds are 
produced. Carbon dioxide or an inert 
gas such as argon or helium are also 
used for the same purpose, although 
carbon dioxide can be used only with 
steel. Inert gas welding leaves a clean 
weld with no slag to be removed. 
Non-consumable electrodes are also 
used in welding. These do not contri- 
bute to the weld and a rod of welding 
metal is introduced into the arc to 
make the weld. Only carbon and 
tungsten have melting points high 
enough to be used in this way and 


Inert gas welding. Argon or some other 
gas flows around the electrode and pro- 
tects the arc and weld. 
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carbon is not commonly used for it 
vapourizes away gradually. Inert gas 
shielding is essential with tungsten 
electrodes. 

A variation is twin-carbon-arc weld- 
ing. Two carbon electrodes are used 
in this method. The arc is struck 
between them and played onto the 
work to be welded. A welding rod is, 
of course, still needed. 

Direct current is normally used for 
welding most metals. The work to be 
welded is made the positive terminal 
of the arc for here the greatest heat is 
generated for melting the metal. Al- 
ternating current is required, however, 
when metals such as aluminium are 
welded. A film of oxide forms at the 
positive terminal but this disappears 
each time the current direction 


alternates. 

Welding by Electrical Resistance 
This type of welding involves the 

use of both heat and pressure and is 

especially useful for joining sheet 


Tungsten electrode welding with a shield 
of inert gas. A welding rod is used and the 
tungsten, because of its high melting 
point, remains solid. 
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A resistance welding machine. The elec- 
trodes come together to make the weld when 
the pedal 1s depresse Ayame. 


Principle of Operation 


The principle of resistance welding. Water- 
cooled electrodes lead heat away from the 
outer surfaces and only the central part 
melts. 


Soldering is related to welding but 
is carried out at much lower tempera- 
tures. Metal parts are joined with an 
alloy (the solder) that melts below 
about 300°C. Common solder is an 
alloy of tin and lead. Soldering is 
normally used for joining small objects 
and is extensively used in joining 
pieces of electronic equipment. 

As with welding, the surfaces must 
be thoroughly clean and protected 
from the atmosphere when heated. 
This is the purpose of a flux. Without 
it, the metals would form oxides which 
would upset the joint by preventing 
contact between the actual metals. 
Resin and zinc chloride are commonly 
used fluxes. They are often incor- 
porated in the solder itself. 

The solder and the work are norm- 
ally heated with a copper soldering 
iron which itself is heated electrically 
by periodically placing it in an oven. 
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“Cutogen’ blowpipe arranged for welding. 
For cutting,an extra pipe is fitted to feed 
oxygen to the central jet. 


metal. Spot-welding is the simplest type. 
The two sheets to be joined pass 
between two electrodes made of an 
alloy of copper. The electrodes come 
together and press against the sheets 
and a low-voltage, high-density cur- 
rent flows for a short period — up to a 
few seconds for thick sheets. The 
resistance of the metal sheets, especi- 
ally at the junction between them, 


causes a high temperature to develop 
almost instantaneously. Heat is led 
away from the outer surfaces by the 
water-cooled electrodes but the central 
region melts. The pressure of the 
electrodes forces the sheets together 
and forms a weld. The process is re- 
peated at intervals along the sheet 
edge. 

Spot-welded joints do not produce a 
gas-tight seal and a variation known 
as seam-welding is used when gas-tight 
joints are required. The electrodes, 
instead of being two rods, are two 
wheels. The metal sheets move along 
between the wheels and a continuous 
weld is formed — gas-tight and water- 
tight. 

Bolts and studs can also be welded 
to sheet metal by resistance heating 
and this does away with the need for 
drilling holes. The studs are placed 
on the sheet and then passed between 
two flat electrodes. The junction be- 
tween sheet and stud becomes heated 
and the weld is formed. 

Flash welding is often used for mass- 
produced objects. The two pieces to be 
joined are brought lightly together 
and the circuit is completed. Heat of 
resistance melts the edges and then a 
heavy force is applied to bring the 
parts tightly together and form the 
weld. 

Gas Welding 

A mixture of acetylene and oxygen 
is usually used for gas welding. Mixed 
in equal quantities, the gases produce 
an average flame temperature of 
about 3150 °C — somewhat lowerthan 
the temperature used in arc welding. 
Equal quantities of oxygen and acety- 
lene give what is known as a neutral 
flame and this is used for welding most 
metals. Excess of oxygen gives an 
oxidizing flame which is useful to 


WORK-PIECES 
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Flash welding in whichis two a Se edges are csc feeb together, forcing out 
molten metal and oxide to make a firm weld. 
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Metal cutting with an Oxygen jet. Flames 
from the outer jets pre-heat the metal and 
then oxygen from the central jet converts it 
to oxide which is forced away by the pressure 
of the jet. A clean narrow cut 1s then obtained. 


prevent hydrogen bubbles in some 
metals but must never be used with 
steel. Welding rods are of course 
necessary to provide the extra material 
for the weld. 

Various types of nozzle are used for 
the different welding operations. 
Metal-cutting, too, requires a special 
nozzle. A pre-heating flame of acety- 
lene and oxygen issues from small 
peripheral jets and heats up the 
metal. A stream of oxygen from a 
central jet forms oxides which melt 
and are forced away from the cut. In 
this way the oxygen cuts through the 
metal. It can be used only on steels 
with a low chromium content for the 
chromium oxide has a high melting 
point. 

The Welder at Work 

Before beginning to weld, the welder 
must clean all the metal parts. Any 
dirt, paint or grease may mix with the 
molten metal and will produce a poor 
weld. The edges must be prepared to 
receive the weld metal when appropri- 
ate. They are usually prepared by 
planing or flame-cutting. 

The brilliance of the cutting arc or 
flame makes it essential that the welder 
wears coloured goggles to protect his 
eyes. Flying sparks and molten metal 
also make it necessary for him to wear 
other protective clothing such as a 
leather apron and gloves. Mastery of 
all the techniques of welding can be 
obtained only after a long period of 
training and experience. 


FAMOUS SCIENTISTS 


ALEXANDER POPOV 


ALEXANDER POPOV was convinced that scientific 

research should be aimed at practical applications. 
His greatest achievement lay in putting electromagnetic 
waves to use in wireless telegraphy. James Clerk Maxwell 
had formulated the existence of the waves in 1853. 
Heinrich Hertz produced and received them twenty-four 
years later. Then, in 1895 Popov developed a detector 
sensitive enough to pick up electromagnetic waves from 
transmitters several miles away. Popov is also credited with 
the invention of the receiving aerial. His devices were used 
in thunderstorm indicators and later to relay distress 
signals in ship-to-shore wireless telegraphy. 

Alexander Stepanovich Popov was born in the industrial 
Urals of Russia in 1859, the son of a priest. He was educated 
at the local theological seminary, and went from there to 
St. Petersburg University. Electricity, magnetism, and 
electromagnetism were the subjects in vogue. Electrical 
power was being produced on a commercial scale for 
street arc lighting, and electrical generators were being 
developed. During his St. Petersburg student days, Popov 
worked for the local lighting company and, since there 
were noautomatic voltage regulators and voltage measuring 
instruments at the time, he had the job of adjusting the 
supply voltage. His ‘volt-meter’ was a small boy who told 
him when the lights dimmed. Later, when Popov began 
the teaching and lecturing career which was to occupy 
most of his life, he covered practically the whole field of 
electrical engineering. 

But although Popov was active in many scientific fields, 
he made his most important contribution in developing 
a device called the coherer, invented around 1890 by 
Edward Branly, a French physicist and Sir Oliver Lodge, 
an English scientist. The coherer was the first sensitive 


Popov’s thunderstorm recorder (1895) detected the electromagnetic 


waves from lightning discharges. It included a coherer and an 
electric bell mechanism to reactivate the coherer. 
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Alexander Popov (1859-1906) 


electromagnetic wave-detector. It was a tube full of iron 


filings, with a piece of conducting metal at either end. 


Normally, because they are loosely-packed, the iron filings 
have a high electrical resistance, of around 100,000 ohms. 
When a strong electromagnetic signal sweeps past the 
coherer, magnetism is induced in the iron filings. Attracted 
to each other, they cluster closely together, and their 
electrical resistance drops to less than 1,000 ohms. 

A battery is connected to either end of the coherer. When 
a signal is received, the current through the coherer rises 
sharply. It operates an electromagnetic switch (a relay). 
The relay can operate a Morse receiver or some other 
recording device. 

The trouble with both Branly’s original coherer, and 
Lodge’s improved version was that the filings became 
locked in their low resistance packing. Further signals 
could not be detected. Popov invented a kind of electric 
bell, which was also operated by the relay, and which 
would shake the iron filings apart. 

This arrangement proved much more sensitive and 
reliable, and Popov succeeded immediately in receiving 
signals over a distance of a few metres. But then he found 
the range could be increased considerably if he attached a 
wire to the coherer. This was the first receiving aerial. 

In 1895, Popov adapted the coherer and aerial in his 
thunderstorm recorder. In 1897 he began experiments to 
introduce similar instruments for wireless telegraphy in the 
Russian Navy, and was able to pick up signals over dis- 
tances of several miles. 

Popov rarely published the results of his work, so lost 
much of the credit to inventors who publicized their 
inventions, for example, Marconi. He continued his 
research work and lecturing until he died, suddenly, 
in 1906. 


2001 


FLOWERS 


S| BECOME 
> WELL DisPLAYED 


Ivy —a common climber of both trees Did walls. The climbing 
devices are aerial roots given off by the lower part of the stems. 
Above the climbing region, leaves are regular in shape, there are no 
aertal roots, and flowers are supported. 


HE higher a plant grows above the ground, the more its 

leaves are exposed to the sunlight. Flowers, also, are 

better displayed — important for pollination whether it is 
effected by wind or insect. 

Trees take many years to reach their full height since 
upward growth of the stem must be accompanied by 
steady increase in girth. Otherwise the tree would collapse 
under its own weight. But some plants obtain all the 
advantages of height without the long years necessary for 
developing their own support. These are the climbing plants. 

The young climbing plant grows erect, first of all. But 
the stem soon bends over under its own weight. A support of 
some kind must be found. The successful climbing plant, 
finding nearby support, climbs rapidly. All its food 
materials can be used for upward growth and flower and 
seed production. But there is a price to pay. If a support is 
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PLANTS 


not found, the plant will probably perish. 

There are a wide variety of climbing plants. They 
belong to a number of different plant families and they 
have a number of devices for their upward ascent. 

Hairs, Thorns and Roots 

Goose-grass (or cleavers) climbs using an array of plant 
hairs (outgrowths of the outside or epidermal cells). The 
hairs, numerous and backward pointing, cover the surface 
of both stem and leaves. With them, the goose-grass, a 
common hedgerow plant, may climb surrounding vegeta- 
tion to reach a height of 4 or 5 feet from the ground. 

More elaborate are the decurved thorns or emergencies of 
the Bramble and the Dog Rose. Emergencies are not true 
plant hairs for, as well as epidermal cells, they contain 
inside cortical cells. The hooked thorns cover not only the 
stems but also the under surface of the leaf midribs. By 
scrambling up and over surrounding vegetation, brambles 
may reach 20 feet or more off the ground. 

The ivy is perhaps the best known of all climbing plants. 
It scales not only trees but walls as well. Tear a strip of ivy 
from its support and the climbing surface is seen to be 
covered with clumps of stiff, brown, hair-like structures. 
But they are not hairs. Really they are adventitious roots 
(roots not originating as part of the primary root system). 
These aerial roots, growing from the stem, secrete a sticky 
adhesive fluid which glues them to the support. Ivy does 
not absorb food from the plants that it scales. The aerial 
roots do however block the lenticels (breathing pores in the 
bark) of trees and in time can cause the death of the tree by 
strangulation. 

Climbing by Tendrils 

Tendrils are specialized outgrowths of a plant which, 
when coming in contact with an outside body, twine in a 
cylindrical fashion about it, giving the plant support. 

Most tendrils are modified leaves or parts of leaves. In 
the yellow pea the whole compound leaf has become a 
tendril. This, of course, severely reduces the surface area of 
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the plant available for photosynthesis. But at the base of 
leaf stalks are two, usually small, appendages called 
stipules. In the yellow pea these stipules are enlarged and 
take over the function of the proper leaves. 

In the sweet pea, the two bottom leaflets of each com- 
pound leaf remain normal. But all the other leaflets have 
become modified into twining tendrils. Consequently the 
tendrils are all in pairs, except for one odd one which 
terminates the leaf. Again the stipules are leaf-like while 
the area for photosynthesis is further increased by flap-like 
extensions of the stem. In the vetches, the leaflets of each 
compound leaf are very numerous and only a few are 
developed into tendrils. No alternative photosynthetic 
structures are needed. The plant Smilax has normal 
leaves while it is the stipules which have become developed 
into tendrils. 

The modification of branches into tendrils is less 
commom The passion-flower has them, each tendril 
emerging like any branch from the axils of the leaves. In 
the vine and the vegetable marrow each tendril develops 
oppdsite a leaf. Structurally the tendril here appears to be 
the termination of a section of the stem. Growth continues 
by the development of a new shoot from the axil of the 
opposing leaf. 

The tendrils of the Virginia Creeper are probably also 
stem terminations. But they may, instead of twining, 
develop into adhesive discs. Coming in contact with a 
solid surface, the tips of the tendril branches swell up, and 
adhere to the surface by secreting a sticky fluid. They then 
proceed to flatten out to form the discs. 

Twining Plants 

Plants may climb by twisting their main stems about a 
support. The young shoot first grows erect but soon bends 
over and the tip swings round in increasing circles. This 
movement helps the plant find a suitable support. If one is 
found the plant rapidly ascends. In rain forests the twining 
climbers (the dzanes) scale the large trees, often exerting 
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The dog-rose scrambles over other vegetation using tts backward 
pointing thorns or emergencies. High above the ground the flowers 
are well displayed to pollinating insects. Ripened fruit also ts 
prominent ; this encourages seed dispersal by birds. 


such pressure that the limbs of the tree are badly mal- 
formed. In Britain, only the Honeysuckle encircles large 
trees; the rest of the British twiners can only climb less 
sturdy supports. The direction of twining — clockwise or 
anti-clockwise — is a fixed character of each plant. The 
Honeysuckle, Hop and Black Bryony always spiral in a 
clockwise direction. Convolvulus (the common bindweed) 
and the Runner Bean anti-clockwise. 

In Nasturtium and Clematis it is not the stems that twine 
but the stalks (petioles) of the leaves. The leaves remain 
small while the sensitive petiole entwines, and so does not 
interfere with the encircling of the support. 

The Dodder, a very close relation of Convolvulus, the 
bindweed, is rather exceptional. It is a complete parasite 
and makes no food itself. All its leaves are reduced in size; 
they appear as tiny scales completely devoid of chlorophyll. 
The Dodder spirals in an anti-clockwise direction about 
the stems of many plants, for instance, Clover, Heather and 
Furze. In this respect it resembles the bindweed. But at 
intervals, suckers (haustoria) extend as outgrowths from the 
thread-like stem. The suckers provide not only extra 
adhesion; from their centres, peg-like growths penetrate 
actually into the vascular tissues of the host plant. Food 
and water is tapped off for the use of the parasite. 
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SETS are groups of objects or numbers with properties in 
common. A simple example ofa set is pencil, crayon, ball- 
point pen, fountain pen. They are all instruments used for 
writing. This is their property in common. An example of a 
mathematical set is the set of natural numbers. 
a ee ees 
The even natural numbers 
De Le: eae 
also form a mathematical sect. The property all the members 
of the set have in common is that they are all multiples of 
two. 
The way of symbolizing a set ofnumbers or objects is: 
{even natural numbers} 
{ natural numbers } 
{ writing instruments } 
The curly brackets are to be read as ‘the set of. 
If an object or number belongs to a set, then the 


mathematical way of writing down this fact is 
pencil € {writing instruments} 
But it must be read as ‘the pencil belongs to the set of 
writing instruments’. Another example is 
2 € {even natural numbers} 

(2 belongs to the set of even natural numbers). The 
members of a set are called its elements. 
Mapping from one Set to Another 

When a geographical region is mapped, the set of real 
objects in the region is mapped to a set of symbols. The 
operation of mapping to a new set is symbolized by an 
arrow. 

{ Buildings, roads} — {map symbols} 
* 2004. 
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Venn Diagrams 


Venn represented sets by geometrical shapes, to show the 
relationships between them. All the people in the room are 
represented by a triangle. This is an example of a mapping. 
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The people in the room (the universal see: “U) can be subdivided. 
Two possible subdivisions are shown here by a rectangle and a 
circle. Again, this represents a mapping. 


The complete Venn Dia- 
gram shows that all the 
people in the smaller sets 
are also in the triangle set. 
They do not include out- 
siders. 
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Above: A MB is the intersection of A and B. In this example, it 
includes the people who both were born in July and are blonde. 


Below: A UB is the union of A and B. In this example, it includes 
the people who either were born in July or are blonde, or both. 


MAPPING FROM PEOPLE TO SHAPE 
TO SYMBOL 


A building in the region corresponds to a black block on Problems Mapped to Venn Diagrams 
the map, so the arrow also means ‘corresponds to’. 
Mathematics is often used to find solutions to real 


problems. The real problem comes from an object set. It All the class of 30 English students are learning at least one 
is mapped to an image set of numbers for solution. A prob- foreign language. |7 are studying German, 25 are studying French. 
lem involving a number of books would be mapped as How many are studying both? 


{ books | —> {numbers } 
It is possible to carry out calculations in {numbers} 
because, if mathematical operations like addition and 
multiplication are carried out between elements of 
numbers _ the result always belongs to the same set. The 
elements of the system of natural numbers have five basic 
properties in common. These cover the five possible ways 
of adding, subtracting, multiplying, dividing and collecting 


together the natural numbers. Providing no other opera- A 5 
tion is carried out, the result is always an element of the Fite to thee, studying Thw! ts the set’ suaying 
same set. The elements of {directed numbers} have French, Garinan, 


similar properties. 

When the result is found in the image set, it is mapped 
back to the object set. This is symbolized by an arrow in the 
opposite direction. 


All the class are studying either French or German, or both. 
The union of A and B (AUB) is the set of or As or Bs or 
both A and B s. So the union of A and B is {30}. 


ANB 


Venn Diagrams 
La 8 Ric, i os ho died The problem is to find the intersection of A and B, the number 
John Venn was an English mathematician who died in studying both foreign languages. It is not difficult to see that this 


1924, and who made a particular study of sets. Venn rep- is the total of A and B, minus the union of A and B. This leaves the 
resented sets by geometrical figures — circles, triangles and shaded area shown on the Venn Diagram. 


parallelograms. A triangle might represent the set of 
people in a room. » « 
Sets like groups of people could often be subdivided into 
smaller sets, according to the colour of their hair, or their 
age group or the month in which they were born. 
A circle might represent the set of people with birthdays 
in July, and a rectangle, people with blonde hair. + 
A Venn diagram is a way of arranging the geometrical A 
shapes, the rectangle, triangle and circle, to show the 
relationships between the different sets. All the people 


with blonde hair and birthdays in July in the room belong i ° a7 = | 
to two sets— either the rectangle and the triangle or the circle ee seca 12} 
and the triangle. All members of the rectangle set and 
circle set are also members of the triangle set. On the Venn pe oe the proms 
i is si i i em is that upils are 
Toe. ee — iy a both the rectangle and the circle bilgi ahavagte AnBp & 12} 
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BIOLOGY 


EPIDERMIS 
AND MUSCLES 
ARE MADE 

OF ECTO! 

CELL 


CILIA 


VERTICAL 
MUSCLE 
TRAVERSING 
FLATWORM 


SLIME GLAND 
SUNKEN INTO 
MESODERM 


MUSCULAR 
PHARYNX 
PROTRUDED 
AS PROBOSCIS 


NDER stones in any stream or 
under floating leaves in stagnant 
ponds, are sure to be found a number 
of small flattened, soft-bodied animals. 
Some are ghost-like in appearance, 
white in colour with a pair of startling 
black eyes at their front (anterior) ends. 
Others are brown or sooty black. 
These creatures are flatworms, a group 
of animals scientifically called the 
Platyhelminthes (PLAT-E-HELL-MINTH- 
ES). 


2006 


| 
EPIDERMIS 
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OF GUT 


NERVE CORDS 


LONGITUDINAL 
MUSCLES 
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DORSAL 
SURFA 


Cross-section through a turbellarian flat- 
worm showing internal structure. The gut 
is made of endoderm, the skin and muscles 
of ectoderm. The rest is mesoderm. Below : 
pharynx of flatworms extended. Insert, 
detailed structure of the ectoderm. 


Linnaeus, the great Swedish natural- 
ist, originally classified all worm-like 
animals together in a group called the 
Vermes. The flatworms, with their 
slender tapering bodies, were included 
and so were the annelid worms (a 
group including the earthworms and 
leeches) and the nematode (round) 
worms. But appearances are deceptive 
and the group, Vermes, has since 
been demolished. New groups have 
been set up; each consisting of animals 
which are structurally alike — not ani- 
mals just bearing a_ superficial 
resemblance to one another. 

The flatworms (Platyhelminthes) 
have bodies made of three layers, an 
outer ectoderm, an inner endoderm and in 
between the mesoderm. There is a 
definite head and the body usually 
tapers towards the rear. The charac- 
teristic flattening of their bodies gives 
the group its common name. 

Unlike the annelid worms (e.g. the 
earthworm) there is no division of their 


eer 
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bodies into numerous segments. Nor 
does the middle layer (mesoderm) divide 
to form an internal cavity — the coelom 
(annelid worms and all higher ani- 
mals, including mammals, have co- 
eloms). 

One strange feature of flatworms is 
that the digestive tract .(alimentary 
canal) has a single opening only — the 
mouth. Food is taken in through the 
mouth and undigested waste material 
ejected as well — just as in Hydra. 

Flatworms belong to one of three 
subsidiary groups. Those found in 
streams and ponds are the turbellarians. 
They are free-living, that is they move 
about looking for their food. Turbel- 
larians also live in moist soils and in 
the sea. Some forms, living in the cold 
mountain streams of Britain, are the 
survivors of the last ice age. As the 
climate warmed, new forms have 
appeared and the cold-water varieties 
have been relegated to cool upland 
waters; they represent a relic found of 
earlier, remoter days. 

The other two groups are the 
Trematoda and the Cestoda. The Trema- 
todes are the flukes (e.g. liver-fluke). 
They live parasitically in or on a 
variety of hosts but still retain their 
own gut. The Cestodes (tapeworms) 
also are parasites but so specialized 
have they become that they have lost 
their gut; food is absorbed directly 
through the surface of their bodies 
from the surroundings in which they 
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The three groups of flatworms. Above: 

a free living turbellarian. Middle: a 
trematode — parasites in or on other 
animals but still possessing their own 
guts. Below: Cestode (tapeworms) — | 
very specialized parasites which have | 
lost their own guts. 


mama? 


IVING FLATWORMS) 
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live. 
Turbellarians —the Free-living 
Flat-worms 

The largest of the turbellarians grow 
to be only about 4 centimetres in 
length. The majority rarely exceed 
one or two centimetres. Yet despite 
their smallness they are voracious 
carnivors, eating any small animals — 
usually worms and crustaceans — they 
can find. 

The arrangement of the gut is vari- 
able amongst the turbellarians. The 
most common flatworms are the tri- 
clads, (three-branched flatworms). 
The mouth is situated somewhere on 
the under (ventral) surface. Inside, the 
gut branches into three — one branch 


runs forward to the head the other 
two pass backwards. A very common 
triclad is Dendrocoelum lacteum. 

Small prey are taken into the gut 
and surrounded with digestive enzy- 
mes. The fats are directly broken 
down into soluble foods (extra cellular 
digestion). But proteins and carbo- 
hydrates are absorbed by the cells 
lining the gut and digested there 
(intracellular digestion). 

For organisms too large to be inges- 
ted whole, turbellarians have a special 
device. Just inside the mouth, the first 
part of the gut (the pharynx) is very 
muscular, and can actually be protru- 
ded as a proboscis beyond the mouth. 
It becomes attached to the victim and 
a backward and forward pumping 
motion, together with the action of 
digestive enzymes, breaks the food 
into more manageable lumps which 
are then taken into the gut. 

Deprived of food for long periods, 
turbellarians will actually begin to 
digest themselves. They shrink in size 
as eggs, reproductive organs, muscles 


ACOELA RHABDOCOELA 


ALLOIOCOELA 


The turbellarian (free-living) flatworms are grouped according to the structure of their 
gut. The Acoela have a gut which is not hollow but filled with absorptive endodermal 
cells. Rhabdocoels have a straight gut with mouth at the front end. Alloiocoels have small 
pockets arising from the gut. The very common Tricladida have a three-branched gut 
while the Polycladida have many branches radiating out from a central region. 


and parts of the gut are consumed. On 
normal feeding they return to their 
full size, regenerating all the lost 
organs. 

Nerves and Senses 

Two long nerve-cords, near the 
ventral surface, run the length of the 
body. They give off branches which 
further divide. So, just as in Hydra and 
other coelenterates, there is a network 
of nerve fibres throughout the body. 
But flatworms are more advanced. At 
the anterior (head) end, the two nerve 
cords are connected by numerous 
cross-fibres. Nerve cells are present 
along the fibres and the knot of 
nervous matter represents a rudimen- 
tary brain. 

Turbellarians are made aware of 
their surroundings by a number of 
sense organs. Eyes are situated on the 
top (dorsal) surface of the head. Den- 
drocoelum lacteum, the flatworm, : has 
two but some species have as many as 
thirty eyes. The eyes have no lens but 
there is a cup-shaped retina of special, 
heavily pigmented cells. 

Cells designed to detect chemicals 
in the water (chemo-sensory receptors) 
and changes in flow of water (rheo- 
static receptors) are distributed over the 
whole surface of the body. Dendrocoelum 
lacteum and a number of other turbel- 
larians have a pair of small protruding 
tentacles at their front ends. The 
tentacles are particularly well equip- 
ped with sensory cells and are well 
supplied with nerve fibres; undoubt- 
edly they provide information about 
food and changes in the water as the 
animal advances. 

Reproductive System 

The reproductive system of turbel- 
larians is exceedingly complex — in 
strong contrast to the simplicity of the 


other systems. To begin with, turbel- 
larians have both female and male 
organs within the one creature — they 
are hermaphrodites. Also present are a 
number of very elaborate structures 
for preventing the worms from fer- 
tilizing themselves. After mating, the 
eggs of each animal become fertilized 
with the sperm of its partner. The eggs 
are then laid in cocoons. Dendrocoelum 
lacteum lays eggs all the year round but 
some species do so, only seasonally. 
Each egg has its own yolk supply and 
this provides the developing animal 


- with nourishment. The animals which 


hatch out are identical to their parents, 
though of course, much smaller. 
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Excretion 


Nitrogen-containing excretory pro- 
ducts diffuse in solution through the 
body tissue into a series of branching 
tubules — the water vessels. There are 
two main tubules, one on either side of 
the body, near the upper surface. 
These have excretory pores opening 
onto the upper surface. Subsidiary 
branches of the tubules terminate in 
flame cells — hollowed-out structures 
containing a number of hair-like 
flagella. The flickering movement of 
the flagella (which gives the cell its 
name) pees the fluid in the tubules 
continually circulating. No doubt this 
speeds up the loss of excretory pro- 
ducts and also helps eliminate excess 
water passing into the animal’s body by 
osmosis. 
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SCIENTIFIC INSTRUMENTS 


ENS of millions of pounds are being 
spent on bigger and more power- 
ful particle accelerators. These huge 
machines are used for pure research in 
high-energy nuclear physics; their 
end-products are short bursts of pro- 
tons, electrons, or more unusual par- 
ticles which appear only at the 
incredibly high velocities attained in 
the particle beam. 

But this is only half the story. The 
high-energy bursts themselves are of 
little interest even to the physicist 
engaged in pure research. It is when 
the particles collide with atomic 
nuclei, interact with each other or 
disintegrate into new particles that the 
interesting reactions occur. In many 
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experiments, the accelerator’s output 
is fed into a bubble chamber. Here the 
reactions can take place, and be re- 
corded on a photograph. The experi- 
ments are designed to give information 
about the atomic nucleus. 

The chamber itselfis a tank of liquid. 
The liquid is kept at a temperature 
above its normal boiling point by 
pressure — it i$ said to be a super-heated 
liquid. A narrow beam of high- 
energy particles from the accelerator 
enters the liquid, and some of the 
particles may interact and disinte- 
grate. But whether they disintegrate or 
not, most of them leave a momentarily 
visible track behind them. Electrically- 
charged particles collide with liquid 


A diagram of the British National Hydro- 
gen bubble chamber at CERN, Geneva. 
Particles enter the chamber from the front. 
On top of the chamber are tubes belonging 
to the expansion mechanism. To the right 
are the light sources, and to the left the 
camera system. Huge magnets surround the 


bubble chamber. 
— 
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molecules, and give up some of their 
energy to them. The particles may 
knock electrons away from the mole- 
cules, leaving them electrically 
charged. In the heated, charged atoms 
and molecules surrounding the par- 
ticles’ paths, the liquid boils and 
forms a series of minute bubbles of 
vapour. Their formation and growth 
is aided by expanding the bubble 
chamber at this instant — the pressure 
is reduced and the bubbles can grow. 

The bubble chamber is illuminated, 
and the vapour trails are picked out in 
the light. Then they are photographed 
by cameras positioned around the 
chamber. A photograph is the only 
way of preserving a record of the 
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events in the particle beam, for the 
vapour bubbles disperse soon after- 
wards. 

Several different liquids are used in 
bubble chambers. Organic liquids, 
such as propane and freon (CF3Br), 
and liquefied ‘inert gases’, xenon and 
helium, are some examples. 

However, liquid hydrogen is used in 
the biggest bubble chambers. It is 
liquefied, and then refrigerated and 


pressurized to keep it in the liquid - 


state. Typical pressures and tempera- 
tures in a liquid hydrogen bubble 
chamber are six atmospheres and 
— 246°C. This temperature is only 27° 
above Absolute Zero, but it is still well 
above the normal boiling point of 
hydrogen, (20° above Absolute Zero). 
Pressure keeps the liquid in its super- 
heated state until particles enter the 
chamber and it is momentarily re- 
leased to allow the vapour bubbles to 
grow. 

The great advantage of liquid 
hydrogen over all other liquids is that 
it contains only ‘elementary’ particles, 
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Stage |: particles enter the chamber from 
the accelerator. Stage 2: expansion — the 
pressure drops from 5 atmospheres to 3 
atmospheres. Stage 3: while this is happening 
bubbles are beginning to form in the super- 
heated liquid. 


protons and electrons, making it pos- 
sible to study the fundamental inter- 
actions between the simplest pieces of 
matter. 

Bubble chambers themselves range 
in diameter from a foot to six feet. The 
entire apparatus, however, occupies a 
great deal more space. At least one of 
the bubble chamber walls is a trans- 
parent glass window, through which 
the bubble chamber can be illumina- 
ted and photographed. The lighting 
and photographing arrangements 
should allow the maximum amount of 
the chamber to be visible. The cameras 
and lights are a few feet away from the 
chamber. Often stereoscopic cameras 
are used to give three-dimensional 
photographs. This is useful because 
the disintegrating particles rarely stay 
in the most convenient plane. In 
large bubble chambers, provision is 
made for taking about thirty photo- 
graphs per minute. 

A high rate of photography is essen- 
tial because a single high-energy 
physics experiment may require hun- 


Stage 4: the magnet surrounding the 
chamber turns the paths of electrically 
charged particles into curves. Stage 5: 
cameras record the paths, which begin to 
disperse after 2 thousandths of a second. 
Stage 6: after 3-5 thousandths of a second 
the pressure is increased. The cycle begins 
again. 


2 
SECONDS 


GENERAL 
EXPANSION 


dreds of thousands of separate photo- 
graphs. There is an almost infinite 
variety of possible nuclear disintegra- 
tions. Only a few of the hundred 
thousand may be of the type that the 
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physicists are looking for. In addition, 
high-energy physics is governed by 
statistics. The more experiments and 
measurements, the more exact the 
statistics become. 

The only opening in the chamber 
leads to an expansion line, so that the 
pressure can be released quickly. The 
beam of particles from the accelerator 
is let in through a porthole. Since the 
radiation from the accelerated par- 
ticles is dangerous, the bubble chamber 
must be shielded. The radiation shields 


are sometimes cooled with liquid 
nitrogen, for it is also important to 
keep the bubble chamber cool. 

The bulkiest part of the apparatus 
provides the strong magnetic field sur- 
rounding the chamber. A magnetic 
field is necessary to separate the 
disintegrating particles. In such a 
field, the paths of positive particles 
curve in one direction, while the paths 
of negative particles curve in the 
opposite direction. The curvature may 
depend on the mass and the velocity of 
the particle. If the strength of the 
magnetic field is known, physicists can 
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calculate the type, mass and velocity 
of the particle. The magnets consist of 
huge metallic yokes and coils of wire 
to energize them. 

An elaborate system of controls is 
necessary to co-ordinate the arrival of 
the beam, the expansion, and the 
cameras. 

Once the photographs have been 
made they can be taken away for 
analysis. This is a long and tiring job. 
Sometimes the physicists will be look- 
ing for one particular type of reaction, 


and they may have to sift through 
thousands of photographs before they 
find it. One very rarely found particle 
which is attracting considerable inter- 
est is the omega-minus hyperon. Some 
theoretical physicists have decided 
that this particle’s existence is neces- 
sary for the rest of the so-called 
‘elementary’ particles to fit into a well- 
ordered scheme. Definite properties 
have been assigned to the omega- 
minus hyperon by theoretical physi- 
cists, and bubble chamber techniques 
are being used to find the particle, and 
discover whether its properties are 


exactly as predicted. 

The omega-minus hyperon should 
be produced when another form of 
‘elementary’ particle, a K-minus meson 
reacts with a proton. The source of 
protons for this reaction is the hydro- 
gen in the bubble chamber. The 
K-minus mesons come from the largest 
of the particle accelerators, the proton 
synchrotron. ‘This accelerates protons, 
but in the very high energy beam 
other kinds of particles — K-mesons, 
pi-mesons and anti-protons can 


appear. The type and charge of the 
particles delivered by the accelerator 
can be regulated — it can give a mix- 
ture of either positively charged or 


negatively charged particles. 

The masses of the particles in the 
beam vary, from particles of proton 
mass to particles of an eighth this size. 
Their velocities also vary, and this fact 
is used to separate them. Huge electro- 
static separating machines connect 
the accelerator to the bubble chamber. 
Here each type of particle is brought 
to a different focus. Slits are used to 
separate the _ particles, allowing 
through only particles of the type 
wanted within a narrowly defined 
range of energy. From 15-25 mesons 
can be produced in this way for each 
photograph. But in only a few of the 
photographs has the omega-minus 
hyperon been définitely identified. 


| APPLIED SCIENCE | 


INCE his earliest days, Man has 
measured lengths and distances — 
the height of a horse or the length of a 
field. To do this, Man used the most 
readily available measuring instru- 
ment — his own body, The height of a 
horse was (and still is) measured in 
hands. The length of a field was 
measured in paces. Then, standard 
measures based on rather arbitrary 
lengths—the length of a standard 
pole, for example, were introduced and 
used for practical measurements. But 
standard measures, based on scientific 
facts were needed. The need grew 
with the development of experimental 
science. 

This was put into practice in France 
soon after the Revolution. The metric 
system of units was instituted. The idea 
was to create a basic unit of length that 
would mean something to scientists in 
all parts of the world. ‘The French 
scientists chose a quantity that was 


The standard metre bars are kept in 
standards laboratories all over the world. 
They are of X-cross-section to keep them 
from bending under their own weight. The 
metre cross-marks ‘are made on flats at the 
bar ends. 
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': The practical procedure of count- 
ing numbers of wavelengths of 
light is a complicated procedure. 
The instrument used is an inter- 
ferometer, shown in use. 


in standards laboratories all over the 
world. The distance between the two 
engraved lines at Sévres zs, by defini- 


>» L.tion, the metre. But how long is it? 
-— ~ 


If the international prototype and 


all its copies were destroyed, how 
calafey could the metre standard be set up 
again? Certainly not by measuring 


the distance from the equator to the 


north pole and dividing by 10,000,000, 
because the same answer would never 
be obtained twice. A better standard 


f length exists in nature and never 
hanges. It can be measured by any 
cientist in any part of the world to a 
high degree of accuracy. 

his standard is the wavelength of 


light given out by atoms of cadmium 


or krypton when they are heated 
(evcited) in a gas discharge tube. Light 
is a form of electromagnetic waves 
and these waves have a definite /re 
quency (the rate of emission Of crests 
and troughs) when given out bya 
particular atom. 


HOW LONG IS A METRE? 


fairly well known at the time, and was 
not likely to alter — the circumference 
of the Earth. The metre was originally 
a ten millionth of the distance, around 
the surface of the Earth, from the 
north pole to the equator. This could 
be calculated with a fair degree of 
accuracy, and the metre could be 
registered as a length on a rod or bar. 

This distance was marked off on a 
platinum-iridium bar which is still 
kept at the International Bureau of 
Weights and Measures in Sevres, 
France. The bar has become the 
international prototype of the metre. The 
definition of the international metre is 
now the distance between two lines 
drawn on this bar when it is at the 
temperature of melting ice. Great care 
is taken to ensure that distance of 
separation of the two lines stays 
constant at all times, The bar is of 
special X-form cross-section and _ is 
supported on rollers to ensure that the 
bar hardly bends under its own weight. 
The engravings are made on flat parts 
of the bar near its two ends. 

The prototype bar at Sévres has 
served as a master copy for many care- 
fully made substandards. These are kept 


The wavelength of the light — the 
distance between successive crests or 
troughs in the wave train —is also 
unchanged provided the light is always 
passing through the same medium. 
The wavelength is longest of all when 
the light is passed through a vacuum, 
but as the refractive index of the 
medium increases the wavelength de- 
creases. For example, the wavelength 
of light of a particular frequency is 
greater in water than in glass because 


Many of the early determinations of the 
metre in terms of the wavelength of 
light were made using the red light 
given out by cadmium atoms. 

This was considered satisfactory 
because the cadmium light was of well- 
defined wavelength — it had fine lines 
in its spectrum. But, to achieve even 
greater accuracy (i.e. better defined 
interference rings), a source of even 
ifiner spectral lines was needed. It was 
found that the atoms of the isotope of 
ithe gas krypton, atomic weight 86, 
| gave out fine spectral lines, and in fact 
the accepted definition of the metre is 
}now expressed in terms of the wave- 
j length of light emitted by krypton-86. | 
The number of krypton wavelengths u 

jin the metre is 1,650,764 -08. ; 
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the refractive index of glass is greater 
than that of water. So, ifa given atom 
is excited to give out light of particular 
frequency and this light is allowed to 
pass through a medium of fixed refrac- 
tive index, the wavelength of the light 
is fixed. 

The wavelength of cadmium can be 
used as the universal, unchangeable 
measure needed as a standard ‘yard- 
stick’ of length. It is a very tiny 
‘yardstick’ but it is one that can be 
measured to a very high degree of 
accuracy. 

The standard metre can thus be 
expressed in terms of the number of 
wavelengths of light from a standard 
source that can be fitted into a 
standard metre. This number has 
been found, using interferometric 
methods. 

Measuring the Standard 

When the astronomer measures the 
distance of a distant star he first finds 
the distance of a relatively near body 
like the Sun, and then uses this to find 
the distance of a star rather further 
away. He then uses this second value 
as a basis for a final value for the dis- 
tance of the distant star. 

A similar procedure is used to find 
the number of wavelengths in a metre. 
It is first found for a small simple frac- 
tion of a metre, like 6°25 cm (%th ofa 
metre). A series of lengths (12°5, 
25°00 cm) are then measured by 
comparison until the metre length is 
reached. The last distance is then 
compared with the length of the 
standard metre. 

This measurement has been carried 
out a number of times by different 
scientists, but the basic method has 


The metre was originally defined as one 
ten-millionth of the distance from North 
Pole to the Equator, measured on the 
Earth’s surface. A known fraction of this 
distance was, in fact, measured by the 
surveyor’ s process of triangulation between 
Dunkirk and Barcelona. 
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Light from a monochromatic (single wavelength) source passes into a pair of glass plates 
Some light is reflected from the top surface of the top plate, the rest passes on to b 
reflected from the top surface of the bottom plate. The two reflected rays interfere. If 
at a point on the top plate, crest coincides with crest, constructive interference produce 
a bright region. When the rays of light come at all angles, a hollow circular bundle o: 
rays fulfil this condition, creating a bright ring on the top plate. There are a series 0 
such rings each representing a different whole number of wavelengths separating th 
plates. 

If the plates are touching, there is no interference and no rings. As the plates ar 
slowly separated, rings are formed. If the total number of rings formed as the separatio 
is increased from zero to one metre were counted, this would give the number of wave 
lengths of light in the metre. 

It is not practicable to ‘count wavelengths’ in this way, but this is the basis of th 
methods used. The number of wavelengths in a small etalon is first calculated by com 
paring the rings formed by light of different wavelengths. There is a mathematica 
method for doing this. Then light is passed through more than one etalon and the pat 
difference in the two etalons can be found from the rings formed, so the distances ar 
compared. The process is repeated with bigger etalons until the metre etalon is reached 
The metre etalon is then compared with the standard metre using a travelling micro 


scope. 


always been the same. They have all 
counted the number of waves needed 
to ‘fill’ a parallel pair of reflecting glass 
surfaces (etalon). The details of these 
measurements are rather complicated 
but they all used one principle — 
counting interference fringes. 

Light of a single wavelength passes 
into the first flat surface of the etalon. 
Some of it is reflected at the front 
surface but some travels through the 
space between the glass plates, to the 
second reflecting surface. The light 
thrown back from the second surface 
‘mixes’ with the first reflected light. If 
the distance between the. two surfaces 
is the right value, the ‘crest’ of the 
first reflected wave coincides with the 
crest of the second reflected wave, and 
reinforces it. If a crest coincides with a 
‘trough’ the two light waves cancel 
each other. So a light region appears 
wherever there is reinforcement of 


light. 


If light falls on the etalon from all 
directions, those light rays that have 
a certain angle of incidence will all 
travel the same distance between the 
plates. These will lie in a hollow 
‘bundle’ of light rays. Where this 
‘bundle’ cuts the surface of the etalon a 
bright ring appears provided the 
distance between plates is a whole 
number of wavelengths. There are a 
series of such rings each representing 
‘bundles’ of light that have the right 
number of crests to exactly ‘fill’ the 
etalon. 

If the two reflecting surfaces were 
brought together a vast number of 
rings would pass across the field of 
view and this would give the number 
of wavelengths in the etalon. In 
practice this number is not counted in 
this way but a number of complicated 
mathematical and experimental tricks 
are used to count the number, from 
measurements on the fringes. 
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FEET of BIRDS 


EET, as well as beaks, show great 

variety in birds. The feet may 

be adapted for swimming, walking, 

climbing, perching or catching and 

devouring food according to the bird’s 
mode of life. 

A foot with five toes is basic to all 
land vertebrates. But most birds have 
feet with four toes; the fifth has gone 
without trace. The first (big) toe, 
called the hallux, is usually turned 
towards the rear. Working in opposi- 
tion to the other three, it provides an 
excellent mechanism for perching or — 
in the case of flesh-eating birds — for 
grasping and carrying prey. Alterna- 
tively, the backward pointing hallux 
may be very long and straight as in 
larks and wagtails. These birds spend 
a lot of time running over flat ground 
and the long hallux helps their stance. 

The large flightless birds, in the 
majority of cases, have lost their first 
toes. They do not need a perching 
foot of any kind, for example, the 
Australian cassowaries. The 8-foot- 
tall ostrich, largest of living birds, has 
not only lost the first toe but the second 
as well. It runs using just the third and 
fourth toes. 

In woodpeckers, cuckoos, parrots 
and toucans, the fourth toe as well as 
the first, may be turned backwards. 
The result is a strong, stable climbing 
and perching mechanism which can 
also be used for feeding purposes. 
This condition is known as zygodactyl. 
One family of birds, the trogons, also 
have two toes facing forwards and two 
backwards. But it is the second toe 


that has moved to the back, not the 
fourth. This is the heterodactyl condi- 
tion. 

Owls, rollers and the osprey have a 
flexible fourth toe which, though 
normally facing forwards, can also 
be turned backwards. The condition 
is a semi-zygodactyl one. In contrast, 
swifts have a flexible first toe which 
can be moved forwards (pamprodactyl). 
Using their four forward projecting 
toes, they hang from small projections ; 
their feet are too feeble for normal 
perching. 

In the syndactylous condition, toes 
are fused for some of their length. 
Kingfishers, matmots and the West 
Indian todies have all three front 
toes partially joined; a scoop-like 
structure is formed, excellent for dig- 
ging nests in the ground. 

Water birds engaged in swimming 
and living may have flaps of skin 
between the toes, forming a webbed 
foot. The webbed feet act as paddles, 
presenting a large surface area to push 
against the water. They may also be 
used for steering. 

Usually only the front three toes are 
webbed and the hind toe (i.e. the first 
toe) is reduced in size as in ducks and 
geese. But some web-footed birds — 
cormorants and pelicans for instance — 
have the first toe brought into a for- 
ward position and it, too, is webbed. 

Birds with webbed feet are ungainly 
and clumsy walkers on land. Coots, 
grebes and phaloropes— also water 
birds — instead of a web, have each 
of the three front toes provided with a 


>. CLAW OF THIRD TOE 
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RRROOMING 


scalloped fringe of skin (lobate webbing). 
This extra surface area facilitates 
swimming but, because each toe is 
free, the birds can walk equally as 
well. 

Perhaps the best swimmers of all are 
the divers and the grebes. The diver’s 
webbed and the grebe’s lobate ones are 
set far back on their bodies — just as the 
propellers of a boat are at the rear. 
In the diver, it is only the feet which 
project beyond the body. Leg bones 
above the ankle are encased within. 
alk over soft mud flats 


BLACKBIRD 
PERCHIN 


CORMORANT 
FOUR TOES WEBBED 


Above: The three forward toes and one rear 
toe provides mechanisms for perching, grasp- 
ing or running. Middle: In the woodpecker 
and other birds the second toe points back- 
wards as well as the first. The owl can if 
necessary rotate its second toe backwards ; 
the swift in contrast can rotate its first 
toe forward. Below: Webbing of feet in 
duck, cormorant and coot. 


tend to have long toes, well spread 
out, so that weight is evenly distri- 
buted, e.g. heron, curlew. The jaganas 
have particularly long toes and walk 
unconcernedly over floating leaves. 
Chickens and gamebirds spend a 
lot of time on the ground scratching 
about for food. Their feet are sturdy 
with three strong toes in front; the hind 
toe usually remains small. The toes 
have blunt claws used for scratching 
the ground; just above the first toe 
there may be a horny spur for fight- 
ing. Ptarmigans — arctic grouse — have 
their toes covered in warm feathers. 
The claw of the third (middle) toe 
of a few birds — herons, owls, bitterns 
and nightjars— has a comb-like ser- 
rated edge used for grooming and 
removing slime from feathers. 
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APPLIED SCIENCE 


MAPPING WITH A PLANE-TABLE 


OR an accurate large scale survey 
the time-honoured method of tri- 
angulation, employing a theodolite 
and trigonometrical points, is un- 
doubtedly the best. But there are 
other methods of surveying, notably 
plane-tabling, which, though lacking 
the accuracy of theodolite triangula- 
tion, may be used to produce a 
reasonably accurate survey of a small 
area. This is especially useful for filling 
in details on a miap once a large frame- 
work has been established with a 
theodolite. 

The essence of plane-tabling is that, 
unlike other methods of survey, the 
map is completed as the surveyor 
moves around the countryside. Roads, 
streams, fields, buildings, etc., are 
actually marked on the map as soon 
as they are ‘fixed’ by the survey. Once 
a selected base line has been drawn 
accurately to scale on the plane-table, 
the position of any point can be fixed 
by taking a sight of it from both ends 
of the base line. The point where the 
bearings cross on the plane-table 
corresponds with the position of the 


STAGE ! 


point on the ground. Sightings are 
taken by means of an alidade, a strong, 
flat ruler provided with hinged flap 
sights at either end. One sight has a 
hairline down the centre which is lined 
up with the object to be plotted, whilst 
the other has a narrow vertical slit 
down the centre through which the 
sighting is taken. 

The first step in mapping an area is 
to select a base, the point from which 
the survey begins. This should be as 
central as possible as regards the area 
to be mapped; it should be on reason- 
ably level ground, and it should afford 
a clear view of the surrounding 
countryside. The plane table is then 
set up directly above the base point 
which can be represented by a dot 
drawn near the centre of the board. 
The first line to be drawn on the paper 
is the base line. The alidade is placed 
on the paper so that one of the ruling 
edges coincides with the base point 
and the table is swivelled on the tripod 
until the sighting wire of the alidade 
cuts the sighting pole set up in the 
ground at the other end of the base 


line. The ruler is held firm and a line 
drawn along its edge. 

With the base point and the base 
line established the surveyor next 
selects a number of points which are 
suif to be fixed, such as tall trees, 


The Alidade 


This is a strong, flat, ruler, usually 
made of boxwood, and may be anything 
from twelve to eighteen inches long. 
The ruler has hinged flap sights at each 
end which may be folded down for 
easier packing. One line has a hair-line _ 
sighting down the centre which is 
sighted on the object to be plotted, 
whilst the other sight has a narrow 
vertical slit down the centre through 
which the sighting is taken. Alidades 
are usually graduated in inches and 
fractions of an inch, like an ordinary 
ruler, and are often fitted with a spirit- 
level for setting the plane-table. 


and prominent buildings, and sight- 
ing the alidade on each in turn draws 
a line or ray from the base point in that 
direction. 

When all the necessary rays have 
been drawn from the base point (point 
1), the alidade is moved to the other 
end of the base line (point 2). While 
this is being done the length of the 
base line is measured. This is really 
the most important stage of the whole 
operation, since the accuracy of the 
survey depends first and foremost 
upon the base line being drawn ac- 
curately to scale. When the measure- 
ment has been made, point 2 is marked 
off somewhere on the base line already 
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he Plane-table 


As the name plane-tabling implies, 
the principal instrument used in this 
type of survey is a plane-table. This is a 

at, wooden board made of high- 
quality, well-seasoned wood which 
must not warp, since the accuracy of 
the survey depends on the board being 
absolutely flat or ‘plane’. The board 
pivots horizontally on a tripod with 
telescopic legs which may be adjusted 
to obtain a level surface for the board 
on uneven ground. 

Before actually taking the plane- 
table into the field, the paper upon 
which the map is to be drawn must be 
firmly fixed to the board. This is done 
by first taking a piece of well soaked 
linen, stretching it over the board, and 
securing it by pasting the loose edges 
to the underside of the board. The 
actual drawing paper is then taken, 
slightly dampened and pasted over the 
linen, care being taken that all creases 
are smoothed out. The edges of the 
paper are then folded over and securel 
pinned to the underside of the Roard, 


drawn on the paper so that the scale 
of the finished map will be convenient, 
say one inch to the mile. 

The plane table is then set up at 
point 2 so that the base line on the 
paper is exactly in line with the 
imaginary base line on the ground. 
This is achieved by lining up the 
alidade and the base line with a sight- 
ing pole left at point 1. When the table 
is correctly orientated everything is 
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ready for the second stage of the 
survey — intersection. With the alidade 
now pivoted on point 2 rays are drawn 
towards all stations previously sighted 
from point 1. Providing all the points 
chosen are close enough to both ends 
of the base line the rays drawn from 
point 2 should intersect with those 
drawn from point 1, indicating the 
exact position of each point relative 
to the base line. A circle is drawn 
around each intersection and the 
name of the object upon which the 
sighting has been made, e.g. ‘poplar 
tree’, written beside it. 

The map is then extended by 
moving to one of the intersections and 
taking readings from there. At the 
same time the accuracy of the rays 
drawn from points 1 and 2 can be 
checked by taking back readings along 
the rays from the intersection to those 
points. As a further check on the posi- 
tional accuracy of the various points, 
or stations, rays may also be drawn 
from one station to another, thus 
creating a series of triangles on the 
paper. This means that there are 
now three rays intersecting at each 
station. If the survey is accurate the 
rays will intersect perfectly at one 
point. If there is any inaccuracy, and 
a survey is never perfect, the three rays 
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riangle, a triangle of error. 
If the triangle is small, its centre is 
taken as indicating the position of the 
station in question. If it is large some 
error has been made in the sightings, 
or in the setting up of the table at one 
of the sighting stations. 

When the surveyor is completely 
satisfied as to the accuracy of the rays, 
all unnecessary lines are rubbed out, 
only the intersections and the base line 
being retained. At this stage, to com- 
plete the map the surveyor sketches in 
the topographical detail 
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SOIL has both skeleton and flesh. 

The ‘skeleton’ consists of loose 
mineral particles weathered from 
older rock. The ‘flesh’ is the water, air, 
mineral salts and decaying organic 
matter coating the particles or filling 
the intervening spaces. 

Though it is the ‘flesh’ that is vital 
for the life of plants and soil-dwelling 
animals, the ‘skeleton’ is also very 
important. The loose mineral particles 
provide anchorage for plant roots, and 
further, the actual framework in which 
the water, air, etc., can accumulate. 


EVAPORATING 
SOIL SAMPLE DISH 


The effectiveness of the framework 
depends a great deal on the size of the 
individual soil particles. The largest 
common particles making soils are 
coarse sands — between 2 millimetres 
and 0:2 millimetre in diameter. Then 


Left, The water content of a soil sample can 
be estimated by heating a known weight of 
soil in an evaporating dish supported on a 
water bath. The soil 1s reweighed, at inter- 
vals until identical results are obtained. The 
difference between the original weight and 
the final weight gives the percentage of 
water present. Right, The dry soil is then 
heated slightly on a sand-tray. Organic 
matter is converted into CO, and water. This 
Jurther loss in weight represents the amount 
of humus present in the soil sample. 


SOIL SAMPLE 


in decreasing size comes the fine sand, 
the silt and the clay. (Gravels — 
particles more than 2 millimetres in 
diameter — are not usually important.) 

Nearly every soil contains particles 
of each type, though they are present 
in varying proportions. More than 
70% of the mass of sandy soils consists 
of coarse or fine sand while there is 
less than 20% of clay. Clay soils, on 
the other hand, consist of more than 
40% clay particles. 

The larger particles (sands and 
silts) are usually the broken fragments 
of some older mineral — nearly always 
quartz. Quartz (silicon dioxide, SiO.) 
is very resistant to decomposition; 
though it can be pulverized into 
fragments it will not break down 
chemically. The tiny clay minerals, 
on the other hand, are actually pro- 
duced by chemical decay, of other 
older minerals — felspar and mica for 
example. 

The relatively large, irregular- 
shaped sand and silt grains do not fit 
exactly together. In between are con- 
siderable spaces; in fact, 50% of the 
total volume of a sandy soil may be 
space. This high porosity means sandy 
soils are well drained and well aerated. 


MEASURING AIR CONTENT OF SOIL 
The quantity of air in a known volume 
of soil is easily measured. A tin can of 
known volume is filled with soil by 
‘screwing’ it into the ground. The can 
is lowered into a beaker of water. The 
difference between the initial displace- 
ment level and the final displacement 
level of water gives the volume of air 


Very rapid drainage may, however, be 
a disadvantage; essential mineral salts 
are washed out of the soil. 

The clay particles, much smaller, 
are more tightly packed. The tiny 
spaces do not allow good drainage and 
waterlogging may result. The small 


ONLY A SMALL QUANTITY 

OF WATER HAS PENETRATED 

THROUGH THE CLAY SOIL INTO THE BURETTE. 
SAND IS FAR MORE PERMEABLE 


sizes of particles also means that their 
total surface area is colossal. An ounce 
of clay, for instance, has a total surface 
area of 250,000 square feet. The 
minute particles take on colloidal 
properties at their surfaces and tend to 
stick together into a gluey mass. Silt 
shows the same properties to a much 
lesser degree, but in sands it is not 
noticeable at all. 

The different proportions of particle 
sizes has a profound influence on 
many of the properties of a soil — as 
the experiments described here show. 
Treatment of Extreme Soils 

Soils may bear a strong relationship 
to underlying rock. A shale produces a 
heavy clay soil; a sandstone a very 
sandy one. Exceptions to this rule 
occur when soils are directly deposited 
on top of rock, by wind, water or 
moving ice. 

The limitations of very sandy soils 
and exceptionally heavy clay soils 
become obvious from the experiments. 
Sandy soils are too porous. They are 
well aerated, and do not become 
waterlogged and ‘sour’; on the other 
hand, the rapid penetration of water 
washes away the valuable mineral 
salts, while in hot weather the soil 
quickly dries out. Greater water- 
holding is given by the addition of 
some form of humus. The humus coats 
the individual grains and binds them 
together. 

Clay soils are damp and heavy. The 
distance between individual clay par- 
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THE CLAY’S POOR PERMEABILITY TO 
AIR PREVENTS THE RIGHT-HAND 
BURETTE FROM EMPTYING 

AS RAPIDLY AS THE LEFT-HAND BURETTE. 
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Capillary water is water held between | 
soil particles. When lost by evapora- 
tion, more water is drawn up by 


hi capillary action to fill the spaces. Clay 
| is more effective than sand in this 
» respect. 
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Living organisms are present in the soil. 
This can be proved by the fact that carbon 
dioxide is given out. Soil samples which 
have been heated to kill the organisms do not 
give out carbon dioxide. 


ticles is so small that surrounding 
water is strongly held by its own 
surface tension. ‘his may be an excel- 
lent quality in times of drought but at 
other times it produces a sticky soil 
difficult and unpleasant to work. 

The small spaces, permanently 
occupied by water, means that clay 
soils are not permeable to air. The 
result is an inadequate oxygen supply 
for plant roots and organisms in the 
soil. The soil may in fact become 
acidic (‘sour’) for lack of oxygen means 
rotting organic matter is only partially 
decomposed. 

Fortunately the addition of lime or 
humus improves clay soils. The tiny 
particles, for a reason which remains 
a mystery, join together to form small 
aggregates called crumbs, The crumbs 
effectively behave as the larger grains 
of sandy soils. Consequently drainage 
and aeration are improved and the 
soil becomes ‘lighter’ and much easier 
to work. 
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| ASTRONOMY | 


FAMILIES OF STARS 


has been estimated that there are 

100,000,000,000,000,000,000 stars 
in the Universe. They can be divided 
roughly into two families. or popula- 
tions. Population IT is the old-established 
family of stars, while Population I stars 
are relative newcomers. Members of 
the older family live longer and, al- 
though some of them have long-since 
‘died’, there are still millions of 


millions of survivors. 


What is more surprising is that the 
stars of the two families can be 
arranged in ‘family trees’. Subdivisions 
within the family appear as branches 
away from the main stem of the ‘family 
tree’. This method of arrangement is 
known as a Hertzsprung-Russell diagram, 
after two astronomers, Ejnar Hertz- 
sprung, a Dane who worked at Leiden 
Observatory, and Henry N. Russell, 
an American who was the director of 
the Princeton Observatory. Hertz- 
sprung and Russell invented the 
‘family tree’ arrangement independ- 
ently. 

They were trying to find some order 
among the many different kinds of 
star. There were white stars, yellow 
stars, red stars, blue stars and even 
green stars. Was colour a good method 
of classifying stars ? The brightest stars 
were a thousand million times brighter 
than the dullest stars. Was brightness 
a better method of classification ? 

One important clue is that colour 
and brightness are related. To show 
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the relationship, the colour of a star is 
plotted against its brightness on a 
graph. Colour goes along the hori- 
zontal axis, blue stars on the left, 
ranging through all the colours of the 
rainbow to red stars on the right. 
Brightness goes up the vertical axis of 
the graph. (This is not the apparent 
brightness, as seen by an observer on 
Earth. It is the real, or absolute bright- 
ness of the star, with its distance away 
from the Earth taken into account.) 
Each star has a certain colour and a 
certain brightness. This colour and 
brightness correspond to a single point 
on the graph. A dim red star is at the 
lower right-hand corner of the graph. 
Bright blue stars are at the upper left- 
hand corner. When all the stars of the 
younger family are plotted in this way, 
it is found that 90% of them lie on an 
almost-straight line from the lower 
right-hand edge to the upper left-hand 
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edge. This line is called the mai 
sequence. 

Most of the remaining 10% fall into 
one of two branches, one halfway up 
the main sequence, and the other near 
the topmost end of it. The lower 
branch represents the giant stars, and 
the upper branch the supergiant stars. 

Practically all Population I stars 
fit on to a well-defined Population I 
family tree, and there is a similarly 
well-defined ‘tree’ for Population II 
stars. But the two family trees differ. 
There are fewer stars on the main 
sequence of older stars, and parts of 
the main sequence are missing entirely. 
Most older stars are instead con- 
centrated in the branches away from 
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Luminosity brightness, plotted logarith- 
mically, goes up the vertical axis of the 
Hertzsprung-Russell diagram. The scale on 
the horizontal axis represents the colour of 
the star. This ts also a measure of the star’s 
surface temperature. 


the main sequence. They break away 
from the main sequence at a higher 
point than do vounger stars. 
Interpreting the Diagram 

All stars began in the same way, 
starting off with similar amounts of 
material — hydrogen gas, with perhaps 
heavier elements and interstellar dust— 
in the form of a huge contracting 
cloud. Gradually, as the cloud con- 


Upper diagram: Huge supergiant stars 
come in all colours of the rainbow. The 
bigger they are, the redder they become. 
Their heat is radiated away from a larger 
area, so their surface temperature drops. 
Below: Giant stars are all reddish. 


tracted, the star condensed. But stars 
started to form at different times, 
developed at different rates, and some 
became unstable and developed ab- 
normally. Because of this the stars now 
differ markedly in size, brightness and 
colour. It is also the reason why they 
are now strung out along the main 
sequence and branches of the Hertz- 
sprung-Russell diagram. 

Stable stars gradually evolve up the 
main sequence, becoming brighter and 
hotter. The colour of the light radiated 
depends on the temperature. Blue 
stars are the hottest. And as the star’s 
temperature increases, it gradually 
expands. 

The expansion of the abnormal 
giant stars takes them into the first 
branch away from the main sequence. 
It has taken place so quickly that the 
stars have cooled, and become redder; 
expanded, and so become more 


luminous. 

The supergiant stars in the upper 
branch must be even bigger than the 
giant stars, for they are 1,000 times 
brighter. Again, the biggest of them 
are also the reddest. 

One major group of stars has a 
separate branch between the giant 
and supergiant branches. These are 
the huge, bright unstable Cepheid 
(see-feed) variable stars. 

All stars must eventually burn 
themselves out, and ‘die’. They col- 
lapse to a tiny dim white star — a white 
dwarf. These stars are to be found in 
a group at the bottom of the Hertz- 
sprung-Russell diagram. 


The Hertzsprung-Russell 
Diagram for Older Stars 


o_-Rus 
Older stars branch away from the main 
fanily thee earlier than the younger 
stars of Population ll. There are fewer 
stars:in the main sequence. 


The Hertzsprung-Russell 
Diagram for Younger Stars 


A typical Hertzsprung-Russell diagram 
for younger stars. There are few red 
giants, because Population | stars do 
not spend long in their red giant phase. 
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The balance is balanced. Two sides of the 
balance have equal masses on them. In the 
same way, an equation 1s balanced when 
quantities on left hand side equal quantities 
on right hand. The mathematical symbol 
for balancing is: = 


5 = 


x gms 5gms 5 gms 
The unknown weight on the left hand scale 
pan is balanced by the two weights on the 
right hand scale pan. In mathematical 
symbols : 


So long as the same weight is added to both 
stdes of the balance, it remains balanced. 
A 5 gm. weight can be added and subtracted 
Srom either side without destroying the 
balance. This produces a whole range of 
equivalent statements : 

5 ke IG 


<_ x =. IO 
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MATHEMATICS 


A VARIABLE 
IN A SET 


HERE is not much point in doing 

a problem if the answer is already 

there. Something in the problem is 

‘unknown’ and the purpose of the 
problem is to find the ‘unknown’. 

The unknown might be a number 
of objects, to be shared out between 
a number of people with one of them 
taking the lion’s share. In doing any 
problem of this sort, the first thing to 
do is to digest the problem, decide the 
important parts of the problem and 
the parts which are irrelevant and 
have no bearing on the solution, and 
then convert the problem into mathe- 
matical symbols. The conversion is 
like drawing a map of a large region 
of the Earth. The mathematical sym- 
bols are like the symbols drawn on a 
map. The real problem is like the 
large-scale region of the Earth. 

The ‘unknown’ in the problem is 
also mapped into the set of mathe- 
matical symbols. It is often given the 
symbol x and is called the variable. 

When writing out the problem it is 
best to start off by showing how each 
real thing corresponds to each part 
of the mathematical mapping. Then 
the solution of the problem involves 
manipulating only mathematical sym- 
bols. Anything that can be done with 
the set of numbers can also be done 
to x. 

x € {numbers } 

(x belongs to the set of numbers) so it 
has the same properties as the num- 
bers. It can be added, subtracted, di- 
vided and multiplied just like a num- 
ber. Then, when the numerical value 
of x is found, the problem is mapped 
back. 

The mathematical part of the prob- 
lem will generally involve an equation 
for x in which x may appear one or 
more times. It is safe to assume that x 
in one part of the equation is exactly 
the same as xin another part. Although 
x is a variable, it cannot switch its 
values in the same equation. So, when 


there are two different variables, two 
different symbols — either x and _y, or 
a and 6 should be used. 
Singular Sets and the Null Set 
In the simplest of equations, with 
only one variable, x, there is only one 
possible solution for x. It would be 
most inconvenient to find that x could 
be either 10 or 8, if we wanted a 
definite answer. (Two possible solu- 
tions are, however, common in more 
complicated problems.) When the 


- Equivalence. 
The symbol for equivalence is 


yesterday w 
Sunday 


Hy,.g tomorrow is 
Tuesday 


x+4=10 dep xt5=Il 


Both are equivalent to x = 6. Equi- 
valent statements are both true to- 
gether, or both false together. 


equation has only one possible solu- 
tion, then the set of values which x can 
have is restricted to a single one. This 
is aset. If the answer is 2, itis written as 
{2} and is called a singular set. Possible 
singular sets are {Towers of London} 
(there is only one Tower of London in 
the world). Alternatively, in mathe- 
matics 
natural numbers greater 
ae 5 and less than 7 

is a singular set. There can be only one 
possible candidate for this set — {6}. 

On rare occasions, there is no 
possible solution at all. No value for x 
can fulfil all the conditions demanded 
by the problem. The answer is then 
the ‘null set’, written © (ur). A 
possible null set is the set of elephants 
with eight legs. 

In mathematics, a null set could be 

natural numbers greater 
(ies 6 and less than 5 

None of the natural numbers fits this 
description. 


Equivalence 

Equivalent statements are state- 
ments which agree completely with 
each other. A statement like ‘yesterday 
was Sunday’ leaves us in no doubt that 
today is Monday. But ‘tomorrow is 
Tuesday’ is another way of reaching 
the same conclusion. Both imply that 
today is Monday. Ifit is Friday today, 
then both these equivalent statements 
are false together. 

The symbol for an equivalent state- 
ment is <> 

For example 


Problem | 


The variable belongs to 
the set. Anything that 
can be done to elements 
of the set can also be 
done to the variable. 


30 oranges are to be divided between four pa. Three of 
them take eight apiece. How many are left for the fourth? 


Here the unknown is not an element of the 
set under consideration. It cannot be manipu- 
lated in the same way. 


yesterday was___ tomorrow is 


Sunday Tuesday 
A mathematical statement like 
* ote 4 = 10 


gives an obvious answer for x. The 
only number it can possibly be is 6. 
But 

x+4=10<+x+5=I11 
and both these statements are equi- 
valent to x = 6. 


Mapping Equations with Variables 


Problem 2 


Saou ere 


If x € {natural numbers } then x can 
be manipulated like a natural number, 
added, subtracted, multiplied and di- 
vided. The variable should always be an 
element of the set under consideration. 


Although it may seem obvious at 
first sight that x = 6 from these equa- 
tions, there are certain rules for making 
the step in mathematics. The object 
is usually to end with x on its own on 
one side of the equation. This can be 
done in this example by adding or 
subtracting numbers on both sides of 
the equation. When both sides are 
treated equally in this way, the result 
is always another equivalent state- 
ment. 


eg. x+4=10 


(now subtract 4 from each side.) 
X~+4—4=10—4 
xto=6 


x= 6. 


A driver is practising around a racing circuit. There are three 
practice days: he does one practice round on the first, 3 on the 


second, 2 on the third. The total mileage clocked up is 40 miles. 
16 miles is accounted for in driving to and from the circuit. 


Unknown What is the length of each circuit? 
number of Unknown 
oranges length of 
left for —— X circuit “=== X 
fourth person oe 
Total circuit 6 X 
Total number orn weet 
oforangess —— 30 Also total Circuit ——w 40 | 6 
mileage 


Since three people take 8 apiece, the corresponding problem is The corresponding problem is 


x+-3x8=30 6x = 40 — 16 
e—> = x«+24=30 e—) bx =24 
Sneed x= 6 > 3 x=4 


(by subtracting 24 from each side) (by dividing both sides by 6) 


» Solution: {6} (note that this is a singular set). Solution: {4} (note that this is also a singular set). 


Answer to problem: the fourth person is left with 6 oranges. Answer to problem: the circuit is 4 miles round. 
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CELL WITH DETAIL 
REVEALED BY PHASE CONTRAST 
MICROSCOPE 


INCIDENT 
LIGHT COMES TOGETHER 
WITH DIFFRACTED 


LIGHT TO 
FORM IMAGE 


AT THE PHASE PLATE 
ALL THE INCIDENT LIGHT 


A typical phase contrast microscope. The microscope can be used in the ordinary way and 
the diaphragm can be brought into operation and adjusted. The zone plate 1s brought into 
operation with the appropriate objective lens and the focus adjusted. Special illumination 
has to be employed to obtain good results with phase contrast microscopes. 


FALLS ON THE RING WHERE 
IT IS PHASE-DELAYED 
BY ONE HALF WAVELENGTH 


The Phase-Gontrast 
Microscope 


‘THE microscope is a most valuable 

tool of the scientist. This is par- 
ticularly true in the biological sciences 
where the examination of specimens 
under magnification provides essential 
information about the structure and 
behaviour of plants and animals. The 
experimental botanist or zoologist 
must learn to get all the information 
possible out of his microscope, and this 
is not done simply by buying an ex- 
pensive instrument capable of high 
magnification. One of the most im- 
portant parts of the technique is to 
obtain the proper zllumination. Detail 
that might otherwise be obscured 
may, for example, be immediately 
brought out by altering the angle at 
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SECOND 
| LENS 


, OF 
COMPOUND 
OBJECTIVE 


INCIDENT 
LIGHT 
PASSES THROUGH 


FIRST LENS 
OF 


COMPOUND 
OBJECTIVE 


which the light falls on the specimen. 

There are large numbers of different 
ways that a specimen might be illu- 
minated under a microscope. But, in 
the ordinary light microscope, there 
are two main methods. In the first, 
the light is thrown on to the specimen 
from above, and the image in the 


YD) 


Pac SUBSTAGE 
oe 


The open cone of light rays transmitted . by the DIAPHRAGM IS | 

diaphragm passes through the specimen and only PLANE OF CONDENSER 
incident light can pass through the ring scored in 
the phase plate. This is retarded so that it interferes 


with the diffracted light. 


BUNDLES. 


RING IN PHASE PLATE 


microscope is then formed by reflected 
light. In the second, light passes 
through the specimen from below, 
having been collected by the con- 
denser. The specimen is then viewed 
by transmitted light. The difference 
between the two methods is rather like 
looking at two photographs, one a 
paper print, seen by light reflected off 
the front surface, and the other a pro- 
jector slide, seen by holding it up to 
the light. 

The biologist nearly always uses 
transmitted light when viewing speci- 
mens. Careful adjustment of the con- 
denser will show up the sort of detail 
he is looking for. But a problem arises 
when he is studying a transparent 
specimen — perhaps a living micro- 
organism like the amoeba — under the 
microscope. Such bodies might absorb 
so little light that they cannot be 
picked out from their surroundings, 
perhaps water or air. 

One way round this is to stain the 
specimen, but this is sometimes un- 
desirable. The staining might inter- 
fere with some process that the bio- 
logist particularly wishes to study. To 
overcome this problem another form 
of microscope, the phase contrast micro- 
scope has been developed. This 
enables transparent objects to be seen 
under conditions of high magnifica- 
tion, without staining. 


The Phase Contrast Principle 


Light is transmitted in the form of 
electro-magnetic waves. The wave- 
length of light of a particular colour is 
the distance between successive ‘crests’ 
and ‘troughs’ in the wave train. The 
intensity of the light depends on the 
‘height’ (amplitude) of the waves. The 
greater the wave amplitude, the 
brighter the source of light will appear 
to an observer. 

Suppose in an ordinary microscope 
that the specimen is illuminated evenly 
by light collected by the condenser. 
Different parts of the specimen absorb 
different amounts of light so the light 
waves coming from the different parts 
are of different amplitude. Light 
waves passing through a ‘dense’ part 
of the specimen will be reduced in 
amplitude more than those passing 
through a less ‘dense’ part. The light 


waves are brought to focus by the 
optical system of the microscope, and 
produce an image. Those parts of the 
image formed by the waves of small 
amplitude produce a dimmer effect 
in the image, and so those regions 
appear darker. For example, the 
nucleus of an amoeba absorbs more 
light than its surroundings and shows 
up as a dark blob against a lighter 
background. The waves of large 
amplitude produce brighter regions 
in the image. All absorbing media 
reduce the amplitudes of light waves 
that pass through them. 

On the other hand, a transparent 
medium does not reduce the wave 
amplitude. Or if it does, not enough 
to be detected by the human eye. But 
it does something else to the wave — it 
slows it down. As a result of the slowing 
down, the wave undergoes a change of 
phase. This may be explained in the 
following way. 

Two light beams, originating from 
one lamp, pass along two different 
paths, side by side. One path is in 
vacuum, in the other there is a film 
of transparent material, say glass. Both 
the emerging light beams will appear 
identical because the wave amplitudes 
are both unaffected. But, when a 
‘crest’ of the wave is still in the glass, 
the crest will have gone past in the 
vacuum path. The difference between 
the positions of the two crests is the 
phase difference between'the two trans- 
mitted waves. 

Although the eye can detect a 
difference in wave amplitude, it can- 
not detect a phase difference. 

The trick used in the phase contrast 
microscope is to detect phase differences 
between light waves that have passed 
through transparent objects and con- 
vert them into amplitude differences. 
For example, not only is the nucleus of 
the amoeba visible, but structure in 
the surrounding protoplasm, not 
visible under ordinary microscope, 
is shown up. 

To see how this is done, the way 
that an ordinary microscope forms its 
image must first be understood. This 
was explained by the German physicist 
E. Abbe, in the last century. He ex- 
plained image formation as a diffrac- 
tion effect. He suggested that instead of 
simply thinking of single light waves, 
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— BRIGHTNESS 
ON SCREEN REDUCED 


ABSORBING 
MEDIUM 


When light passes through an absorb- 
ing medium, the light waves are 
reduced in amplitude. The light patch 
on the screen is reduced in brightness. 


PHASE 
CHANGE IN 
WAVE 


TRANSPARENT _ 


MEDIUM NO CHANGE 


N’ BRIGHTNESS 


When light is passed through the 
transparent medium, the waves are 
unchanged in amplitude but altered in 
phase. The patch on the screen is 
unchanged in brightness — the phase 
change does not affect this. 


TRANSPARENT 
3 BLOCK 


BRIGHTNESS 
CHANGED 


BY 
INTERFERENCE 
— OTHERWISE 
UNCHANG' 


LIGHT 
WAVE MIXED 
WITH ORIGINAL WAVE 


The phase change due to the trans- 
parent block does not affect the bright- 
ness of the patch on the screen. It can 
be shown up, however, by ‘mixing’ the 
transmitted light with light of the 
same wavelength but half a wave- 
length out of step. Interference then 
takes place so that a darker patch 
appears on the screen. 
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reduced in amplitude when passed 
through an absorbing medium, two 
sets of light waves must be considered. 
One is the original wave (the incident 
wave). This passes on through the 
specimen unhindered and unaltered 
in amplitude. Then there is the second 
wave, the diffracted wave. This is one 
that is scattered and thrown away 
from the absorbing object. But it 
eventually meets up with the incident 
wave at the image. When it does so, it 
interferes with the incident wave, re- 
ducing the brightness at that part of 
the image. To do this the diffracted 
wave must be one half wavelength out 
of step with the incident wave. A crest 
in the incident wave must coincide 
with a trough in the diffracted wave, 
so the second wave (partially, at any 
rate) cancels out the first. The less 
absorbent the specimen, the smaller 
the diffracted wave, so the less is the 
cancellation. 

In a transparent medium, there are 
also two waves, incident and dif- 
fracted, but the diffracted wave is not 
sufficiently out of phase with the 
incident wave to affect the brightness 
of the image when the two waves 
come together at the image. In the 
phase contrast microscope, the dif- 
fracted wave is extracted, and made 
so that it is one half-wavelength out of 
step with the incident wave. It inter- 
feres with the incident wave, and the 
transparent specimen shows up with 


ABSORBING 
MEDIUM 


all its detail as if it were an absorbing 
specimen. 


The Phase Contrast System 


In the phase contrast microscope, 
the diffracted and incident light is 
separated, using a circular diaphragm 
that contains an open circular ring 
(annulus). The condenser is set up so 
that light passes it through the speci- 
men in parallel bundles. The dia- 
phragm is placed at the first focus of 
the condenser so that light passes 
through the annulus and opens out 
to be formed into parallel bundles by 
the condenser. (Light originating at a 
focus of a lens is made parallel when 
it passes through the lens). This 
parallel light passes through the speci- 
men and is brought to focus by the 
object lens of the microscope. Now all 
the incident (undiffracted) light has 
passed as parallel bundles through 
the specimen and when it is brought 
to focus by the object lens it forms an 
image replica of the original annulus. 
This is all undiffracted light. The dif- 
fracted light, on the other hand, is 
scattered in the specimen. This does 
not pass into the annulus image but 
fills the circle around it. So the two 
sorts of light are separated in the image 
of the diaphragm, incident light fills 
the ring, the other light the disc outside 
the ring. All that remains is to retard 
the diffracted light so that it is one half 
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HALF /ELENGTH OUT 
WAVELENGTH EP 


The wave passes through an absorbing medium. The wave, reduced in amplitude, can be 
represented by an incident wave and a diffracted wave. These are one half wavelength 


out of phase. 


hey interfere to produce a dark image. 


DIFFRACTED, 
INCIDENT 
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INTERES 


INCIDENT 
oo LIGHT 
TRANSPARENT 
MEDIUM 


TRANSPARENT 
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REASES 
at ASE 
SMALL PHASE DIFFERE DIFFERENCE 


The wave passes through a transparent medium. The emergent wave is represented by 
two waves, incident and diffracted, that are not one half wavelength out of step. If the 
diffracted wave is made a half wavelength out of step in the zone plate the two waves 
can then interfere and the transparent object is shown up as an absorbing medium. 
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wavelength out of step with the 
incident light. This is done by placing 
a zone plate (or diffraction plate) in the 
plane where the image of the dia- 
phragm is formed. The circle of 
incident light falls on a ring scored in 
the surface of the plate. The thickness 
of the plate is such that no phase 
change is undergone by the incident 
light. The diffracted light passes 
through the rest of the plate (which 
is thick enough to retard the diffracted 
light so that it becomes one half- 
wavelength out of step). Then both 
sets of light waves form the final 
image, one set interfering with the 
other to form the phase contrast image. 

In use, it is desirable to be able to 
use the phase contrast microscope with 
different objective lenses. For each 
different lens there has to be a different 
diaphragm annulus, but in some 
models it is possible to select the 
annulus required by adjustment of a 
turret arrangement. The turret nor- 
mally is supplied as a part of the 
substage condenser, and the phase 
ring as a part of the objective lens 
arrangement. 


